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The two-body J = 0 (or symmetric state) dominance
conjecture is a mathematical conjecture that arose in
nuclear physics. For a period of six weeks I have studied the conjecture, attempted to generalize it, investigated its insensitivities to the underlying probability
distributions and tried to determine hitherto unknown
diﬀerences between bosonic and fermionic statistics, as
they relate to the conjecture, to provide an insight into
the mechanisms giving rise to symmetric dominance.
In terms of my research I will try to set out my work
and views in a more detailed research paper before the
conclusion of the year.

H =



V L [a†j a†j ]L · [aj aj ]L

L

VL are numbers. In the general case V is a ﬁnite⊕N
⊕N
dimensional SO(3) representation V = 0 0 ⊕ 1 1 ⊕
⊕N
2 2 ... (Ni = 0, 1, 2...). A two-body Hamiltonian interaction is

L
H =
V(kl→ij)
[a†i a†j ]L · [ak al ]L
ijkl,L
L
V(kl→ij)

L
are numbers. If V(kl→ij)
are randomly generated in terms of a uniform distribution μP (x) =
1
, −1 ≤ x ≤ 1; 0, |x| > 1 or the real normal dis2
L
tribution Vklij
∼ N (μ, σ), or any other distributions
(subject to H = H † ) then H is a randomly generated
rank 0 spherical tensor operator, a rotationally invariant potential, and an SO(3)-commuting two-body matrix [H, Jx ] = [H, Jy ] = [H, Jz ] = [H, J 2 ] = 0. Whereas
H is deﬁned as an interaction on V ⊗ V (distinguishable particles) or V ∧ V, the total antisymmetrization
of V ⊗2 (indistinguishable fermions), or Sym(V ⊗ V),
the total symmetrization (indistinguishable bosons) H
also has an action on the N -particle distinguishable
spaces V ⊗N , indistinguishable fermionic spaces ∧N V
and bosonic spaces SymN V, in terms of creation and
annihilation operators. In the case of N boson particles (single-particle states are in V),


SymN (V) = a†j1 m1 a†j2 m2 a†j3 m3 ...a†jN mN |0

Symmetric Dominance conjecture
If V is a vector space representation of
SO(3) (rotations R), with representation matrices RV ,
and if Tj = {Tmj : −j ≤ m ≤ j } is a set of 2j + 1
linear operators acting on V, then Tj is a spherical
tensor operator of rank j (j = 0, 1, 2, 3...) if
 j j
RV Tmj RV−1 =
Tm Dm m (R)
m
j
Dm
 m (R)

are the representation matrices of SO(3) as
they appear in terms of the j th irreducible representation of SO(3) (the representation j). In particular, if
Ymj (r) are the j th spherical harmonics, and if r = R ·r,
then
 j
j
Ymj (r ) =
Ym (r)Dm
 m (R)
m




a†j1 m1 , a†j2 m2 = [aj1 m1 , aj2 m2 ] = 0


aj1 m1 , a†j2 m2 = δj1 j2 δm1 m2

If V = j, then the set of creation operators a†|j,m :

−j ≤ m ≤ j is a spherical tensor operator a†j of rank
j. The scalar product of two spherical tensors, Al and
B l , both of rank l = 0, 1, 2..., is
H is expressible as

m l
l
(−1) Am B−m
A·B =

H =
Ṽ(j3 m3 ,j4 m4 →j1 m1 ,j2 m2 ) a†j1 m1 a†j2 m2 aj3 m3 aj4 m4
m
j1−4 ,m1−4

A·B has rank 0 and is unchanged by rotations, according to RV (A·B)RV−1 = (A·B). For distinguishable particles and V = j, as j⊗j = 2j⊕2j − 1⊕2j − 2⊕...⊕0,
there is exactly one spherical tensor [aj aj ]J (up to
conjugacy)of rank J = 0, 1, ...2j, constituting
the op
†
†

erator set a|jm a|jm  : −j ≤ m, m ≤ j .

For some Ṽ depending on V . Ṽ(j1 m1 ,j2 m2 →j3 m3 ,j4 m4 ) = 0
unless at least m1 + m2 = m3 + m4 as H is SO(3) (and
so Jz ) commuting. In this form it is clearer how H also
has a linear SO(3)-commuting action on the fermionic
and bosonic N -particle spaces. The symmetric dominance conjecture relates to the unusual prevalence of
A two-body interaction Hamiltonian over V = j is a J = 0 angular-momentum quantum numbers belonging to the ground state (lowest energy) eigenstates of
linear map H = H † : V −→ V of the form
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these N -particle matrices of H. The high proportion
of symmetric states J = 0 is insensitive to the (identical) probability distributions of Vijkl,L . In the case of
the double-cover SU (2) of SO(3), and so for angularmomentum/spin coupled two-body systems as well as
furthermore systems coupled to the nuclear isospin
symmetry, there is a similar and surprisingly high proportion of symmetric ground states even though the
ensemble of H matrices is random.

are analytically solvable. There is an unusually reliable correspondence between the proportion of ground
states with quantum number J amongst the whole Hensemble as compared to the same proportion amongst
only the generators Vijkl,L = δijkl,L [2]. Apart from this
however, the structure of VN and of its spectrum is for
the most part unknown. The causes and the explanation of symmetric dominance is unlikely to exclusively
depend to the spherical symmetry of H (regarded informally as a spherical potential) as symmetric dominance is generally expressed less by bosons (which form
condensates) than by fermions (which do not form condensates) and furthermore for fermions there is often
an unexplained prevalence of J = Jmax quantum numbers amongst the ground states of random two-body
H. Figure 1 is a collection of numerical examples, for
various N and single-nuclear-shell j, and is reproduced
from [1]. The y axis is the percentage proportion of
quantum number J amongst the ground states of H.

Comments
The symmetric dominance conjecture is outstanding
for a period of 12 years. Its primary diﬃculty is due
to the hard transition from H2 (the matrix of H acting on two particles) to HN (the N -particle matrix of
H). The determination of the eigenstates of HN in
terms of H2 , which may even have a small generator
set, is computationally complex and chaotic. Very few
interesting and almost no large combinations (V, N )

Figure 1: Reproduced from [1] (arXiv e-Print). The frequency with which angular-momentum J belongs to H’s
ground state, for various particle-numbers N , statistics (bosonic/fermionic), and single-nuclear-shells V = j. In the
case of fermions a sub-dominance amongst Jmax quantum numbers can be seen.
If time reversal symmetry U is applied to H2 then the
proportion of ground states belonging to the manybody J = 0 subspace can be at least as high as 75% of
the H-ensemble [3]. If parity P is considered in tandem with angular momentum then 0+ , the symmetric
ground state, tends to dominate the ensemble. If the
two-body nature of H is generalized and increased to
three-, four- or M -body interactions, then dominance
tends to be observed when N
M but not so much
when N ≈ M [4].

wards a predictable equilibrium which would be useful
for an analysis
 of J = 0 type ground states. Although H = j1−4 ,m1−4Ṽ(j1−4 m1−4 ) a†j1 m1 a†j2 m2 aj3 m3 aj4 m4
is time independent so that the solution φ(t) of
∂
the Schrödinger equation i ∂t
· φ = H · φ is exactly
−it



Ṽ

a†

a†

a

a

j1−4 ,m1−4 (j3 m3 ,j4 m4 →j1 m1 ,j2 m2 ) j1 m1 j2 m2 j3 m3 j4 m4
φ(0),
e
there is no continuous-time Markov process describing
the transition rates to and from N -body (or even 2body) particle states. The transition probability from
orthogonal states |φ1  to |φ2  = |φ1  after time t is


The diﬃculties of describing VN in terms of V2 are
−it j
Ṽj1−4 m1−4 a†j m a†j m aj3 m3 aj4 m4
1−4
1 1 2 2
|
φ
|e
|φ1 |2 = O(t2 )
2
illustrated by the lack of Markov-type processes in the
many-body interaction. Time-independent Markov
processes are probabilistically simple to describe and Markov processes all have transition rates O(t) rather
as they evolve the system (Markov chain) tends to- than O(t2 ) and so are not describable as graphs in
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this way. The computational demands of the dominance conjecture, in medium-sized examples, are no
less than the intensities of numerically evaluating the
low-energy spectra of one-million dimensional square
matrices tens-of thousands of times.

to the right. j subspaces are plotted versus their powers Nj for diﬀerent N . The number of trivial representations N0 of 0 remains small as N becomes large
for bosons and for fermions. The distribution of representations in the many-particle space is dominated
by small-valued j subspaces greater than 0. Therefore
even though 0 subspaces represent diminishing contributions to the many-particle space, for bosons and for
fermions, the ground state lies inside these subspaces
frequently. Furthermore 0 is the only one-dimensional
representation of SO(3) so that in general, counted in
terms of dimensions, j = 0 subspaces account for a
very small proportion of the many-particle space. In
the case of bosons, N can increase without limit but
in the case of fermions, ∧N (j) = 0 if N > 2j + 1. This
notwithstanding, SymN (j) tends to be much larger
than ∧N (j) and so the number of duplicates of 0 is
greater for bosons. All of these observations suggest
that symmetric dominance is in no way due to the
sizes of block-submatrices representing J or M subspaces, and that bosons are not diﬀerent from

Research
I will describe two aspects of my research in this summary report. It is an unanswered and interesting question as to why bosons have less pronounced dominance behavior than fermions in general. There is
numerical evidence to suggest that, all other things
considered, there is more opportunity for bosons to
exhibit symmetric dominance and yet this is not observed. These suggestions that fermionic statistics give
rise to mathematical simpliﬁcations (as compared to
bosonic statistics) is unusual as bosons naturally condensate whereas fermions do not, and bosonic statistics
are inherently less complicated than fermionic statistics. Figure 2 plots the decomposition of ∧N (10) =
0⊕N0 ⊕ 1⊕N1 ⊕ 2⊕N2 ⊕ ... to the left, and of SymN (10)

Figure 2: The composition of ∧N 10 and SymN (10) as N increases. The x axis, right to left increasing, is the number

j labeling the irreducible SO(3) representation j. The y axis is the multiplicity of j in ∧N (10) or SymN (10) (the
⊕N
exponent Nj for which, for example, ∧N (10) = ... ⊕ j j ⊕ ...). The fermionic space ∧N (10) is the left-hand column,
N
for N = 1, 3, 10. The bosonic space Sym (10) is the right-hand column, for N = 1, 3, 14.
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fermions (in terms of the conjecture) in an obvious way.
The two-body nature of the interaction forbids certain
many-body interactions. The Hamming distance between many-body basis states is a restriction on the
feasible nonzero matrix elements. In terms of bosons
and fermions there are slight diﬀerences between the
numbers of such impossible two-body interactions.
Figure 3 is the proportion of (always-)zero matrix elements HN i,j for fermions and bosons respectively.
Although, given (i, j), the value of HN i,j is complex
the averages and standard deviation of HN i,j can be

calculated and bounded in terms of statistical inequalities. The following examples are taken from the small
case N = 4, V = 7 for bosons and fermions. Figure 4
and Figure 5 plot all of the standard-deviations σ of
the oﬀ-diagonal matrix elements H4i,j . These values
are grouped into vertical columns according to the Jz many-body (four-body) quantum number M to which
they belong: to the block-submatrix of H4 whose basis
elements have quantum number Jz = M .

Figure 3: Jz quantum number M versus the proportion of always-zero matrix elements (for two-body H). The x-axis, left-toright increasing, is the quantum number M of Jz labeling the Jz subspace submatrix of H4 whose basis elements all have quantum
number M . This is a block-diagonal submatrix of H4 as H, and so H4 , is SO(3)-commuting. Here N = 4, V = 7. Fermions and
bosons are left/right respectively

Figure 4: The standard-deviations σ of oﬀ-diagonal matrix elements for fermions. The probability distribution of H2 -generators
√

are i.i.d.r.v. uniform on [−1, 1]. N = 4, V = 7. The x-axis, left-to-right increasing, is√the quantum number M of Jz . σ ≤ 1/ 3
better bound in√the case of
is the upper bound for fermions regardless of the symmetry group (SO(3) here). 1/ 6√is a slightly
√
SO(3) here. In the case of a normal H2 distribution, σ as displayed (and the bounds 1/ 3, 1/ 6) are multiplied by 3.
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Figure 5: The standard-deviations σ of oﬀ-diagonal matrix elements for bosons. The probability distribution of the
generators
of H2 are identically uniform on [−1, 1]. In the case of a normal distribution, σ as displayed are multiplied
√
by 3. N = 4, V = 7 with bosonic√statistics. The x and y axes, and columns, √
represent the same information as in
Figure 2. In this case the bound 1/ 3 is exceeded sometimes and the bound 1/ 6 is exceeded often.
In the fermionic V = j case it can be shown that for Compared to the distribution of oﬀ-diagonal σ for
the oﬀ-diagonal matrix elements HN i,j
fermions, Figure 5 shows that bosonic statistics gives
rise to σ > √13 sometimes and σ > √16 often. There
1. Given a group G (SO(3)) only ﬁnitely many σ is a suggestion that bosonic HN tend to have sporadic
are possible no matter how large is N or M or large matrix elements whereas fermionic HN do not.
what is the probability distribution of H2 (the This behavior could be expected to have an eﬀect on
ﬁnite set of possible σ depends on the distribu- the eigenvalue spectrum of bosonic HN , as a mechation).
nism through which highest- and lowest-enegy eigen1
2. σ ≤ √3 for the uniform [−1, 1] distribution and values can more frequently obtain quantum numbers
other than J = 0 and J = Jmax . In Figures 4a and 5a
σ ≤ 1 for the normal distribution for any N .
the columns appearing in Figures 2 and 3, respectively,
with M = −12 are plotted as distributions.
3. Neither of the above are true for bosons

Figure 4a: The distribution of oﬀ-diagonal σ in
the M = −12 block submatrix of H4 for
fermionic statistics. N = 4, V = 7
J K Phillips

Figure 5a: The distribution of oﬀ-diagonal σ in
the M = −12 block submatrix of H4 for bosonic
statistics. N = 4, V = 7
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In both cases the interval [σmin , σmax ] is divided into
100 subintervals of equal width. The number of times
σ falls into such a subinterval, as a proportion of all
(M = −12)-type oﬀ-diagonal σ, is plotted on the y
axis. The smallest value in each subinterval constitutes the x co-ordinate. In this representation the
nature of the boson condensate is clearer. There are
numerous sporadic large σ and the indication, mathematically and in terms of this particular data, is that
the bosonic proﬁle is wider and more dispersed than
the smoother fermionic proﬁle.

vation near the indices x = 0, x = dim(HN ) appears
to be due to a form of entropy amongst the SO(3)species CG-coeﬃcients. The plotted range of σ is full,
so that in comparison to the bosonic graph in Figure
6a, smaller variances are recorded near the extremal
indices. Near the M = 0 block-submatrix there is a
similarity between diagonal variances for bosons and
fermions. The proﬁle of the two graphs ’levels out’
near M = 0 and at approximately the same value.

The graphs show chaotic ﬂuctuations but despite this,
the value at which the proﬁle levels out appears to be
The increased variance of bosonic matrix elements, as predictable. For either N bosons or fermions in singlecompared to fermionic matrix elements, is physically particle states V = j (any j) the standard-deviations σ
and mathematically attributable to bosonic condensa- of diagonal Mi,i is bounded below
tion. Fermions cannot condensate and, in a technical
N (N − 1) 1
way, this results in a higher regularity.
√
√
σ(Mi,i ) ≥
j
2 3

The behavior of on-diagonal HN i,i elements is sim3
= 1.309307... .
In
Figure
6
this
lower
bound
is
2
ilar for bosons and fermions but markedly diﬀerent
7
from the oﬀ-diagonal behavior. Figure 6 shows the The global minimum of the graph is 1.337187... and
on-diagonal σ for fermions N = 4, V = 7. The ele- this value is found on the circled indices i = 581, 851.

Figure 6: The standard deviations σ of on-diagonal matrix elements. N = 4, V = 7, with fermionic statistics.
The x-axis, left-to-right increasing, is the i index of H4 i,i . The vertical lines clustering near x = 0, x = dim(H4 )
are artiﬁcial dividers labeling the dimensional boundaries of M -submatrix subspaces of H4 . The y axis is the
standard
deviation σ. The red circles are the global minima of this sample. The red horizontal rule, labeled


2 37 , marks the theoretical lower bound among the sample for this choice of single-nuclear-shell j (V = j) and
N.
J K Phillips
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distributed almost always in a Gaussian way with predictable σ, or rather that the appearance of HN in the
limit N −→ ∞ may be expected to some extent to be
independent of the distributions of H2 i,j , which would
explain the notable insensitivity of the dominance conjecture to the underlying distribution. This aspect of
my research has been concerned with the hope that
the matrix HN,M =0 (the M = 0 submatrix of HN ), alFigure 6a: Bosonic diagonal σ. N = 4, V = 7.
though complex, may be describable in the large j, N
Matrix index x, versus σ. Artiﬁcial vertical lines label limit (V = j). I have tried in particular to determine
the boundaries of Jz quantum-number subspaces,
whether fermionic HN,M =0 can be expressed as
left-to-right M is increasing. The red rule is the lower
bound σ ≥ 3/2.
HN = HGOE + diag(a1 , a2 , a3 ...) (+Z)
This result was derived assuming identical and uniform Where
[−1, 1] probability distributions among the H2 genera1. HGOE is a real normal Gaussian matrix with
tors. If H2 generators are√distributed ∼ N (0, 1) the inoﬀ-diagonal components distributed according to
1
equality is multiplied by 3 and, if √j is then replaced
HGOE i,j ∼ N (0, 1)

−1
by ( j=0,1,2... Nj ) , the inequality is valid for any ﬁ2. diag(a1 , a2 , a3 ...) is diagonal with i.i.d.r.v. ak ∼
⊕N
⊕N
2
nite fermionic V (∧N V = 0 0 ⊕1 1 ⊕...). In the case
N 0, N (N2−1) 1j
of the single-nuclear-j-shell for fermions, there can be
at most N = 2j + 1 fermions in the system. The most
3. Z is a ’noise matrix’ of forced zeros HN i,j = 0
interesting population in terms of symmetric dominance is N = j + 1, the half-populated
choice. In this As H2 is SO(3)-commuting, so also is HN for each
√
j √j
j2
√ √1 ≈ √
case σ ≥ (j+1)j
=
−→
∞
as j −→ ∞, N > 0. If HN commutes with every operator in SO(3),
j
2 3j
2 3
2 3
2
whereas for oﬀ-diagonal elements σ(Mi,j :i=j ) ≤ √13 al- then in particular it commutes with Jz and J . There√
fore every eigenvalue of HN with quantum number j is
ways (normal distribution × 3).
2j+1-fold degenerate. In particular, there is one eigenvector for each choice of eigenvalue which has M = 0.
Therefore as j −→ ∞, the diagonal elements Hj+1i,i
This means that all of the information in HN and its
vary more and more aggressively. These observations
spectrum is contained in HN M =0 . The eigenvalues
are essentially the same, for fermions, in the case of
appearing in HN M =m (m > 0) are all eigenvalues of
i.i.d.r.v. H2 -generators with uniform or normal distriHN M =m−1 (and similarly when m < 0) and in principle
butions and this suggests an insensitivity to the disany HN,m can be reconstructed knowing only HN,M =0 .
tribution, which has been commented on in the literWith a view to this, the joint probability distribution
ature. The central limit theorem for i.i.d.r.v.’s is an
of the eigenvalues of HN M =0 is of interest. The joint
indication that, as the number of generators of H2 inprobability allows for an expression of the probability
creases, the distribution of each HN i,j approaches an
that a new eigenvalue x, appearing in HN M =0 and not
approximately Gaussian proﬁle. However the central
HN 1 and HN −1 , is the smallest in the spectrum of HN .
d
−μ
→ N (0, 1) applies to the average On its own the real normal random matrix H
−
limit theorem Sσ/n√
n
GOE has
of identically distributed random variables, whereas an eigenvalue joint-probability-distribution [6]
HN i,j comprises weighed combinations of H2 generators. The sum of Gaussian distributions is Gaussian
1 N 2 
P(x1 , x2 , x3 ...) = e(− 2 1 xj )
|xj − xk |
however, and the sum of many similar uniform disj<k
tributions is more or less Gaussian (with large variance) [5]. The eigenvalue spectrum of HN depends on This is a form of eigenvalue repulsion as the jointthe scalings of all HN i,j jointly but which j-quantum probability-density vanishes whenever any eigenvalue
number belongs to the ground state does not (positive pair xj1 and xj2 coincide. The diagonal matrix
scalings). In particular when
√ H2 have mean μ = 0 diag(a1 , a2 , a3 ...), on its own, has independent eigenthe use of HN i,j or HN i,j /(σ n) does not change the values each with a real Gaussian distribution. If the
analysis. The CG-coeﬃcients themselves are bounded forced noise ’matrix’ Z is, in some sense, manageand, although diﬃcult to work with, are somewhat able and it does not drastically change the spectrum
orderly. These observations suggest that in the limit of HN M =0 , then it may be possible that the joint
N −→ ∞, at least in the case of some V, HN i,j may be probability distribution of HN M =0 eigenvalues retains
J K Phillips
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some of the characteristics of independent Gaussiandistributed eigenvalues, except with a repulsion. In
this case, new eigenvalues appearing in HN M =0 but
not in HN M =1 would be repelled from their predecessors. This repulsion would take place in the direction
of higher and lower energies, but a surplus of a few hundred dimensions say dim(HN M =0 ) − dim(HN M =1 ) >

100 may lead to a high probability that new eigenvalues in HN M =0 are of overall lowest energy at the same
time as belonging to the j = 0 quantum number. Figure 7 displays the structure of HN M =0 in the fermion
case V = 7, N = 4

Figure 7: V = 7, N = 4, fermionic statistics. Heat map of the standard deviations σ of H4 M =0 matrix elements.
H4 M =0 is the M = 0 submatrix of H4 whose basis elements all have Jz quantum number M = 0. The key, to
the right, labels the continuous black/white color range by numerical σ. Purely black patches in H4 M =0 are due
to impossible two-body interactions and represent the noise Z. The bright diagonal component diag(a1 , a2 ...)
can be seen. The central limit theorem, and similar, gives limited information about the distribution of the
duller oﬀ-diagonal elements.
V ⊗N (N distinguishable particles), ∧N (V) (N indistinguishable fermions) and SymN (V) (N indistinguishable bosons). If the representation matrices of G, over
V, are φ(g) : g ∈ G, then the action of G on any
of these product spaces can be described in terms of
the operator φg with the property φg a†ψ φ−1
= a†φ(g)ψ ,
g
ψ ∈ V. H is two-body when it can be expressed in
terms of sums of products of two creation operators
and two annihilation operators, however it is less clear
in the case of arbitrary groups G what the analogue
of the spherical-tensor scalar product · is. If V has an
orthonormal basis vj then this problem can be avoided
to some extent by describing H as an operator of the
form

H =
V(vk vl )→(vi vj ) a†vi a†vj avk avl

Dominance has been observed in spinless SO(3)
bosonic/fermionic systems, these same systems with
spin and isospin and, to a lesser extent, in some larger
groups. An interesting question is how to generalize
the dominance conjecture to the case of an arbitrary
group symmetry G. If G is ﬁnite or inﬁnite and orderly
(compact Lie-group) then the representation theory of
G provides a framework on which dominance can be
stated and studied. The representations j, j = 0, 1, 2...
are the unique irreducible representations of SO(3) in
a similar way that j, j = 0, 12 , 1, 32 , 2... are the unique
irreducible representations of SU (2). The question
of dominance relates to a two-body Hamiltonian H,
which is SO(3) (or SU (2)) commutative. The appropriate generalization of the SO(3)-dominance conjecture is therefore via a single-particle representation space V which is a representation of the group
G. As V is a representation space of G, so also are
J K Phillips
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[φg , H] = 0. Schur’s Lemma simpliﬁes the form of H.
As any H of this kind is G-commutative, H cannot
mix non-isomorphic representations of G when it acts
on V ⊗N , ∧N (V) or SymN (V). Although there may be
no canonical choice of quantum number to conserve
(in the sense a number as a label, i.e. j), there is
a meaningful assignment of irreducible representation
space to eigenvectors of H (as a matrix, acting on
product spaces). As all groups G have a trivial irreducible representation 1 (a one-dimensional complex
vector space on which all g ∈ G act as the identity)
there is a ”most symmetric” representation of G and so
some eigenvectors of H will correspond to this symmetric representation. The dominance conjecture is then
the same question as for SO(3), and SO(3) ⊗ SU (2),
in the case of G: in the fermionic exterior product
∧N (V) are the ground-state eigenvalues of two-body
G-commuting operators H predominantly belonging to
the symmetric and trivial representation or to other
irreducible representations? Many of the above observations apply to the more general case of arbitrary G.
The cases of ﬁnite G and of SO(2) have been of interest. A partial answer to dominance conjecture for ﬁnite
groups is that the ﬁnite cyclic groups Cn , for the most
part, do not give rise to dominance. The irreducible
representations of Cn are Vμ , Vμ2 , Vμ3 ...V1 where μ is a
complex nth root of unity with smallest argument. If
V = Vμ ⊕ Vμ2 ⊕ Vμ3 ⊕ ...V1 consists of one copy of each
non-isomorphic irreducible representation and if H has
the form

H =
V(μk μl )→(μi μj ) a†μi a†μj aμk aμl

conjecture applied to ﬁnite and inﬁnite subgroups of
SO(3) have potentially been of interest. The ﬁnite subgroups of SO(3) are the rotational symmetry groups
of the Platonic solids, the Tetrahedron, Cube, Octahedron, Dodecahedron and Icosahedron, and the cyclic
groups Cn (which sometimes avoid dominance). The
Dodecahedron and Icosahedron are dual, and the Cube
and Octahedron are dual and so have the same symmetry groups. The distinct rotational Platonic groups
are therefore A4 , S4 and A5 .
The induced representation theory of SO(2) subgroups
from a full SO(3) symmetry is less interesting, as in
this case the ground state of HN , like every other
eigenstate, is degenerate according to its j-quantum
number. In particular, whichever value of j belongs
to the ground state ψ, there is another ψ  with the
same ground-state eigenvalue having quantum number
M = 0. Therefore among the fully SO(3)-commuting
Hamiltonia the ground state always belongs without
loss of generality to the M = 0 subspace, so that this
conﬁguration induces 100% M = 0 symmetric dominance trivially. If the Jx and Jy quantum numbers
are 0, as well as M = 0, then the ground state is necessarily a j = 0 symmetric state. In this sense the
geometric nature of the problem is particularly clear
and it may be possible to make inferences about the
predominance of j = 0-type ground states from information about multiple copies of SO(2) in SO(3).
As a subgroup of SO(3), A4 is a ﬁnite group with 12
elements. Every representation V of SO(3) is a representation of A4 and furthermore is a representation
of any number of A4 ⊂ SO(3) subgroups. The possible advantages of considering ﬁnite Platonic groups
G, like SO(2) ⊂ SO(3), is because there are many
copies of G in SO(3) and if H is an SO(3)-commuting
Hamiltonian, then H is a G-commuting matrix no
matter which subgroup G ⊂ SO(3) is chosen, therefore information is possibly given about the nature
of the j = 0-type ground states for the full SO(3)
group. The representation theories of A4 and A5 are
technical and not suitable for this summary report
but it may be true that for these and other groups
the symmetric state 1 is still dominant. Whereas for
the inﬁnte groups SO(2), SO(3) there are inﬁnitely
many non-isomorphic irreducible representations, for
the Platonic rotation groups, as they are ﬁnite, there
are only ﬁnitely many non-isomorphic representations.
Simpliﬁcations of this kind could lead to algebraic or
solvable symmetric-dominance problems, in the case
of ﬁnite groups, although computationally this is still
complex. This is in contrast to the simplest possible
bosonic- or distinguishable-particle- case V = 12 , which
itself is intricate as N → ∞.

ijkl

The operator Ωα , Ωα aμj Ω−1
= aμj+α sends
α
†
†
†
†
†
†
aμi1 aμi2 aμi3 ...aμiN |0 to aμi1 +α aμi2 +α a†μi3 +α ...a†μiN +α |0.
The former basis state is a generator of the representation Vμi1 +i2 +...+iN mod(n) and the latter is a generator of the representation Vμi1 +i2 +...+iN +N α mod(n) .
Under conjugacy Ωα transforms H into H  with
V(μ k+α μl+α )→(μi+α μj+α ) = V(μk μl )→(μi μj ) . As this is an
unmixed permutation of matrix elements V , the probability densities of H and H  are equal in distribution. However eigenvectors of H which are generators
of representations Vμj transform into eigenvectors of
H  which are generators of Vμj+αN mod(n) . Therefore if
(N, n) = 1 then as α varies over α = 0, 1, 2...n − 1, the
ground state eigenvector of H rotates through the subspaces Vμ , Vμ2 , Vμ3 .... In many cases the ﬁnite cyclic
groups Cn therefore do not give rise to dominance.
The ﬁnite abelian groups are products of cyclic groups
and dominance can also be avoided in these cases. The
inﬁnite abelian group SO(2) does give rise to dominance[6] and in this case there is no ﬁnite-dimensional
V on which Ωα can act in a closed way. The dominance
J K Phillips
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√j
2π

future research

√

σ(aon-diag ) ≈ j 2 j . Therefore this type of eigenvalue localization suggests that HGOE , rather than
There are general theories which partially answer the diag(a1 , a2 ...), is the unperturbed character of HN .
question of as to which of HGOE , diag(ak ) and Z are
perturbations and which are the unperturbed characThere are other indications that the term HGOE
ter of HN .
is non-negligible from the Wigner Semicircle Law.
Eigenvalue localization of a real matrix A = (ai,j ) due For a range of independent-component symmetricαβ (v, N
√) =
to the Gershgorin circle theorem guarantees that the matrix distributions of dimension N , if S√
the
number
of
eigenvalues
on
the
range
(α
N
,
β
N ),
spectrum of eigenvalues of A, σ(A),is contained in the
β√
E[Sαβ ]
1
2
2
N
= 2πm2 α 4m − x dx, m is
union of Gerschgorin discs σ(A) ⊂ i=1 Gi where Gi = then limN →∞ N

N
the second moment of the distribution. In the case
z ∈ C : |z − aii | ≤ j=1,j=i |ai,j | i = 1, 2...dim(A).
of independent N (0, 1)-distributed oﬀ-diagonal eleIn the single-shell fermionic case V = j, for a given ments there is a non-negligible
probability-proportion
√
many-body basis state φ = a†jm1 a†jm2 ...a†jmM |0, there of eigenvalues near ± 2N .
are at most κ = N (N2−1) dim(H2M =0 ) = N (N2−1) j oﬀdiagonal elements with which φ can interact via H In the example V = 10, N = 11, dim(H
11 M =0 ) ≈
(HN ), as φ and φ̃ cannot interact if they diﬀer by ex- 10, 000 and (in the independent Gaussian case)
√
actly one or more than two creation operators (in this σ(a
≈ 10 2 10 = 15.811... in contrast
to
on-diag )
case V = j there is only one single-particle j and so M the overestimated minimum eigenvalue −√20, 000 =
would not be conserved otherwise).
−141.421... due to a H
matrix alone. The probGOE

If all oﬀ-diagonal elements ai,j are taken to be distributed in a Gaussian way σ ≈ 1 (and are taken to be
independently
distributed) then in a rough approxima
tion j=i |ai,j | might have the character of the normal
distribution


|ai,j | ∼ N (κE[|aoﬀ-diag |], κVar(|aoﬀ-diag |))




2
E[|aoﬀ-diag |] =
1 − π2 so that
,
σ(|a
|)
=
oﬀ-diag
π


3
possibly E[ |aoﬀ-diag |] ≈ √j2π and σ( |aoﬀ-diag |) ≈
√ 
j√ j
1 − π2 .
Under these circumstances the ra2
dius of a Gershgorin disc Gi would have a signif3
icant probability to lie near √j2π and, as j → ∞,
j=i

ability that the absolute value of a random variable
a ∼ N (0, σ) is greater than or equal to 3σ is ≈ 0.3%,
and 141.421/15.811 ≈ 9 is in a sector far more unlikely
than this. However 70 − 80% of oﬀ-diagonal ai,j are
zero and when this is taken into account, in this context, HGOE is possibly a perturbation again (at least as
far as extremal eigenvalues of the unperturbed matrix
are concerned possibly). All of these considerations
relied on the assumption that HN i,j -components were
independent, which is not so in general, and so it is
doubly unclear what the limiting nature of HN is. I
hope this will be a topic of future research, especially
if, in some sense, the extremal eigenvalues of the matrix diag(a1 , a2 , a3 ...) account for the behavior of the
ground state of HN in the large N limit.
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Cosmic Ray Muon Detection and Tracking
Ravi J. Heugle

A cosmic ray muon detector was built with a 16 pixel tracking resolution on each of two of the six faces of
the detector. With regard to tracking, one MPPC represents a single pixel. The detector itself consisted of
organic scintillators, wavelength-shifting fibers, multi-pixel photon counters(MPPC), and photomultiplier
tubes.
Cosmic ray muons are high energy particles whose sources are events such as super novae and solar
flares. As a result, there energies can far exceed those achievable by today's particle accelerators and they
therefore are a subject that draws interest in high energy physics. The muon also provides tremendous
amount of background in today's particle detection experiments and thus, study of the muon is still highly
relevant to physics today.

Because it's heavy mass, the muon is inherently unstable. However, due to the high velocities at
which it is known to travel at (0.98c), the muon experiences relativistic time-dilation and
therefore is sometimes able to reach the earth's surface without having already decayed into other
elementary particles. In fact, by measuring the velocity of the muon and it’s lifetime, Einstein’s
theory of Special Relativity can be experimentally verified.
The heavy mass of the muon also allows the muon to be an extremely penetrating particle. That
is, it is able to pass through vast amounts of matter before finally be brought to a rest. The muon
does radiate Brehmstrallung photons (which result in a loss of kinetic energy for the muon) when
passing through matter but it's velocity is largely unaffected by a single nucleus's electric field.
Because of their penetrating nature, cosmic ray muons can be tested for in a laboratory
environment, that is, the muon detector need not be directly exposed to the outside atmosphere in
order to be able to detect a muon.
The main body of the detector consists of 32 scintillator blocks assembled together in the
formation found in figure 1. A wavelength shifting fiber was
then inserted into each scintillating block (note that during
their manufacturing, the scintillator blocks are extruded with a
cylindrical hole extending throughout the center of their body,
specifically designed in to house a wavelength shifting fiber.
Notice that on each face, there are 16 scintillator black faces
(i.e. 16 wavelength-shifting fiber tips). Each scintillator tip
represents a single pixel in the tracking resolution of the
detector. The principle of operation is the following. A high
energy muon passing through the scintillator excites the
electrons of its solvent molecules to higher energy states. The
Figure 1
excited electrons radiate photons as a means of returning to
their ground state and these radiated photons are absorbed by a wavelength shifting fiber. The
absorption of scintillated photons results in the excitation of the fiber's fluor molecules however
some of the excited molecule's energy is lost through interaction with neighboring molecules
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(vibration etc.). As a result, when returning to it's ground state, the photons emitted by molecule
are of longer wavelengths (lower energy) than those absorbed. This property, which is
characteristic of all fluorescent materials, is important as it reduces photon reabsorption and
allows light to propagate within the fiber over long distances.
If a photon emitted by a fluorescing fibers enters the acceptance cone of the fiber, it travels along
the length of the cable before entering an MPPC. The MPPC consists of avalanche photodiodes
operating in geiger-mode the output signal being the sum of the signals generated by it's
individual APDs. The MPPC, which was designed specifically to detect faint signals has single
photon sensitivity. The MPPC does experience background which is generated by thermal
excitation of electron hole pairs and because of thermionic excitation, triggering is an important
factor in design of the detector. Without any triggering system, it would be impossible to
distinguish between a thermally excited electron hole pair and an actual muon generated signal.
The triggering mechanism in this detector consists of two scintillator boards, each connected to a
PMT. One of the boards is placed above the detector, and the other below. A coincidence box
acts as a trigger whenever a event occurs simultaneously in both PMTs. While this provides an
accurate means of triggering data collection, it prevents the detector from recognizing muons
entering at an angle larger than 45 degrees. This issue could be solved by increasing the surface
area of the scintillation triggers.
The design of this detection sensitive muon detector which can be seen in Figure 2. offers certain
advantages over other detector designs
such as spark chambers as each MPPC
output provides a significant amount of
information about the muon itself. As a
result, knowledge of the entry angle of
the muon can be coupled with other
information about the particle such as its
energy, it's rate of energy loss, etc. A
prominent drawback of the detector is
it's somewhat limited tracking
resolution. This however, could be much
improved by either adjusting the
scintillator size or by simply increasing
the number of scintillating blocks used.
In fact, many cosmic ray detection
experiments use similar designs, but on
much larger scales.
This cosmic ray detector can serve as a
useful tool in detecting and analyzing
cosmic rays however more so, it serves

Figure 2
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as a useful prototype and springboard for more sophisticated detector designs. The salient
features of this detector are the coupling of the wavelength shifting fiber with the scintillators
and the use of the MPPC in detecting signals and unique means of tracking the muon trajectories.
These features, which are being used in larger scale cosmic ray detection projects such as allow
insight into how larger scale detectors operate. This detector is an example of a cost-effective
means of detecting, tracking and analyzing a high-energy elementary particle.
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The Low Temperature Physics of Thin Films – Superconducting Tin and
Monolayer Graphene
Abstract:
The aim of this project was to investigate how the electrical resistance of a conductor changes if it is
deposited in a thin film. Specifically, the materials tin and graphite were investigated. Bulk tin is a
Type I superconductor, so for the tin film sample, the superconducting phase transition was
investigated. In particular, we looked at the effect on the critical magnetic field as a function of
temperature. Graphene is a recently discovered material [1] composed of a single layer of graphite
atoms. The method of preparing such a sample was therefore explored with the hope of measuring
its resistance, again as a function of temperature and magnetic field.
mean thickness 20nm, the size of the bubbles
should be of order 10nm.

Preparing the Samples:
The ‘bulk’ tin sample was cut from a strip of
tin 0.5mm thick, into a rectangular sample
approximately 1cm x 2cm. It was attached to
a silicon substrate with silver paste, on top of
an insulating layer of silicon oxide. Silver paste
was also used to attach four gold wires which
were in turn soldered onto the electrical
contacts used in the measurement system.

The graphene was prepared using an
exfoliation technique. By placing a small
chunk of graphite on a stretch of cellophane
tape and repeatedly opening and closing the
tape, a thin layer of graphite was left on the
surface of the tape. This was then applied to a
silicon substrate, and slowly removed so as to
leave small flakes of graphite and graphene
on the surface of the substrate. An optical
microscope was used to find the flakes of
graphene to be used in the experiments. The
graphene layers were identified from the
darkening effect they had on the colour of the
surrounding silicon oxide. The degree of
contrast between the two colours gives a
measure of the thickness of the graphene.
Gold electrodes were then attached to the
sample using photolithography and Joule
heating deposition, electron beam deposition
was used to insert a 10nm layer of titanium
between the gold and the graphene to reduce
the contact resistance of the electrodes.

The thin film of tin was prepared using a Joule
heating deposition method. Pellets of tin were
placed inside a metal coil carrying a large
current. The whole system was maintained at
a pressure of about 10-6 Torr inside a vacuum
chamber. The current was varied in order to
heat the tin until it evaporated and hence
deposit a layer 20nm thick onto a silicon
substrate. The natural frequency of the
sample was measured using crystal oscillators,
and from this, the mass of tin deposited and
hence its mean thickness could be deduced.
Previous work [2] has shown that such tin
films are not flat as might be expected. Rather,
they have a granular structure with ‘bubbles’
of tin joined together. The size of these
bubbles depends on the thickness of the film
and the temperature of the substrate at the
time of deposition. However, for a film of

Measuring the Resistance at Low
Temperatures:
The resistances of all samples tested were
measured using the Physical Properties
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only the voltage across the sample with the
same frequency as the a.c. signal input to the
circuit. The temperature was measured to an
accuracy of 10-4K by measuring the resistance
of a well-calibrated carbon powder reference
commercial resistor. The temperature was
then controlled by expanding or compressing
liquid helium close to the sample.

Measurement System (PPMS) at the
Cryogenic Centre of the University of Tokyo.
This was able to accurately determine the
resistance of the sample while also varying
and measuring the temperature and magnetic
field applied to the sample. The impact of
external electrical noise on the circuit was
minimised using lock-in amplifiers to measure
Tin:

The resistance of the thin tin film was
investigated as a function of temperature and
magnetic field, giving the three dimensional
plot shown in figure 2:

Bulk tin is a well-known Type I
superconductor, with a critical temperature of
3.7K [3]. The electrical resistance of the
sample was measured from 2K to 300K using
the PPMS. The results are shown in figure 1
below:

Further results were then taken in the
temperature region 3.35 to 3.65K, with
smaller steps in temperature and magnetic
field, hence giving greater resolution. These
are shown in figure 3:

These results show the expected behaviour of
bulk tin. There is a first-order phase transition
between the normal and superconducting
phase of the material at 3.94K, followed by a
slowly rising gradient and finally a linear
relationship
between
resistance
and
temperature between the temperatures of
around 77K to 300K, as predicted by
Matthiesen’s Rule [4]. Essentially, this is due
to a temperature-independent residual
resistivity arising from electron scattering off
of impurities and defects in the sample, and
another term due to phonon scattering. By
considering the phonon energies and
occupations in relation to temperature, this
part can be shown to increase linearly with
temperature at high enough temperatures.
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The results for the bulk tin critical field HC(T)
were obtained from a previous paper [6]. Our
data clearly shows a higher critical field for
the thin film across all temperatures
investigated, as predicted by Ginzburg-Landau
theory. A general empirical rule [7] for the
critical field of superconductors as a function
of temperature is:

In both, you can see a clear transition
between the superconducting phase with zero
resistance and the normal phase. The
transition has a finite width, with the
resistance gradually increasing from zero to
normal ‘between’ the two phases. This is due
to the granular structure of the tin film. Each
of the tin granules will have a different
thickness and hence a different critical field.
Thus the film as a whole shows this transition
region in field strength where the fraction of
granules superconducting increases from zero
to one.

( )≈

Fitting this relationship to our data gave the
values HC(0) = 2437.46 Oe and TC = 4.15464 K.
We could then re-arrange the equation for
the thin film critical field to get another
estimation of the film thickness:

Ginzburg-Landau theory was used to derive
the effect that a thin film sample would have
on the critical field of the tin sample. By taking
the limit that the film is thin enough that
there is no screening of the field within the
film, and that the phase transition in a film is
second-order, it can be seen that the
component of the applied field parallel to the
film, HC||, can be significantly larger than the
bulk material critical field, HC [5]:

||

(0) 1 −

= 2√6

||

= 28.97nm

where the results HC = 310 Oe [8] and λ = 465
Å [9] have been used. This result is certainly of
the same order of magnitude as the earlier
measured mean thickness for the tin film of
20nm. Moreover, this value has been deduced
from the very ‘first’ phase transitions in the
bubbles, i.e. the critical field for the bubbles
of tin with the lowest critical field. Looking at
the prediction for the increase in the critical
field, it is clear that we have therefore
measured the critical field of the thickest tin
bubbles, and so we would expect this
treatment to yield a slightly higher value for
the thickness than the mean value
determined by the crystal oscillators.

= 2√6

where λ is the London penetration depth and
d is the thickness of the film. In order to look
for this effect experimentally, a plot of the
magnetic fields at which the resistance first
started to increase against temperature was
made:

Graphite:
The hope was to investigate the resistance of
a monolayer of graphene as a function of
temperature and magnetic field in order to
see some of the effects of the material being
essentially two dimensional, such as Landau
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These data show no superconducting phase in
graphite, at least not above the temperature
of 2K. The general relationship shown is
different to that observed in the bulk tin
sample, and indeed most other metals. Rather
than increasing with temperature as a result
of increased thermal phonon scattering, the
resistance
tends
to
decrease
with
temperature. The reasons for this are unclear.
This behaviour is observed in some crystalline
structures with domains present. In these
cases, increasing thermal phonons allows a
higher degree of ‘hopping’ of electrons
between the different domains and so
decreases the electrical resistance. However,
the sample being investigated had come from
a chunk of Kish graphite and so should have
been a single crystal without any domain
structure. Perhaps the exfoliation process
changed this structure, or perhaps there is
some other reason for the resistancetemperature relationship found.

quantisation or the Quantum Hall Effect.
However, the results for our sample did not
show any such behaviour. It was clear that we
had not succeeded in preparing monolayer
graphene, but instead a very thin layer of
graphite. The resistance of this layer of
graphite was nevertheless measured over a
range of temperatures from 2K to 300K, giving
the following results:
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Understanding Entanglement: Spooky action at a distance
Umnouy Ponsukcharoen
UTRIP 2010 Participant
Entanglement or non-local quantum correlation is a spectacular feature of
quantum mechanics. It is behind various applications of quantum
information technology including teleportation, security proof of BB84
quantum key distribution, distributed computation and game strategy.
Recently, it was found that there exists entanglement in biological system,
for example, photosynthesis in bacteria. Some researchers suggest that
entanglement may lead to not only more secure communication but also
more efficient energy conversion.
However, entanglement is mysterious and difficult to define. The universal
recipe of how to use entanglement is still unknown. The definitions of
measure of entanglement are also not universal. Moreover, the measures of
entanglement for multipartite states and mixed states are not also well
understood.
Another interesting feature of quantum mechanics is complex number. In
quantum mechanics, states and operators are represented by complex
numbers, but observables and measure of entanglement are represented by
real numbers. If the only information we can extract from quantum
mechanics is real, why can’t we just formulate quantum mechanics in real
number space? It turns out that, according to Goyal, Knuth and Skilling
(2010), complex number space arises from reconstruction of quantum theory.
That is, starting from postulates based on quantum theory without
assumption that the quantum state is in complex vector space, they found
that the number associated with probability must be complex. Still, is
complex number required to described entangled state? How is the amount
of entanglement for real state different from one for complex state? These
are questions that I try to find answers.
Note: People who are not familiar with quantum mechanics should consult with Appendix:

Introductory Presentation first.
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1. Measure of entanglement
The measure of entanglement quantifies how much entanglement is
contained in a state. Here are required properties of the measure:
 The measure is non-negative real function
 The measure becomes zero when the state is separable
 The measure is independent of local unitary operation
 The measure does not increase under LOCC
Other than that, there is no definitely universal measure. Following are
some examples of measure defined in literature. Note that we will focus on
measure for pure states only.
1.1 Wootter’s entanglement of formation and concurrence
For 2-qubit pure state | ψ > , entanglement of formation is (equivalently)
defined as

E(| ψ >) := −(α 2 log 2 α 2 + β 2 log 2 β 2 )

€
,and concurrence is defined as
C(| ψ >) := 2αβ
€
,where α, β are Schmidt coefficients of state | ψ > .
Note that the original definition comes from entropy of the states, and this
€
measure can be applied to 2-qubit state only.
€
€
1.2 n-tangle
For n-qubit pure state | ψ > , with n even or n=3, n-tangle, so called residual
entanglement or hyperdeterminant, is defined as
aα1 ...α n aβ 1 ...β n aγ 1 ...γ n aδ 1 ...δ n
×ε ε ...ε
ε ε
τ€
(| ψ >) := 2
n

∑

all _ indices∈{0,1}

α1 β 1 α 2 β 2

α n−1 β n−1 γ 1δ 1 γ 2δ 2

...εγ n−1δ n−1

×εα nγ n εβ nδ n

Note that this formula is not invariant under permutations of qubits for odd
n>3, so it does not work for odd numbers except n=3.
€
1.3 Negativity
For 2-qubit pure state | ψ > , negativity is defined as

€
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N(| ψ >) :=

|| ρ TA || −1
2

,where || ρ ||= Tr( ρρ + ) , ρ =| ψ >< ψ | ,and ρ TA is partial transpose over qubit

€
A. The negativity corresponds to the sum of negative eigenvalues of ρ TA .
6 numbers to quantify entanglement:
€For 3-qubit pure
€ state, there are €

N(AB )−C (| ψ >) :=

|| ρ TC || −1
|| ρ TB || −1
|| ρ TA || −1
, N(AC )−B (| ψ >) :=
, N(BC )−A (| ψ >)€:=
2
2
2

N A −B;C (| ψ >) := N(TrC ( ρ)) , N A −C ;B (| ψ >) := N(TrB ( ρ)) , N B −C ;A (| ψ >) := N(TrA ( ρ))
€

€

€
€
1.4 Schmidt Measure
€
€
For n-qubit pure state | ψ > , let | ψ > be in a form
R

| ψ >= ∑α i | ψ1(i) > ⊗...⊗ | ψ n(i) >
i=1

€
€
Note that basis of qubits may not be orthogonal to each other. Schmidt
€

measure is defined as

P(| ψ >) := log 2 (min(R))
1.5 Geometric measure
€
For n-qubit pure state | ψ > , we may define geometric measure as

d(| ψ >) := min | ψ > − | φ >
,where | φ > is any separable state. Hence, this measure may be interpreted
€
as distance between state | ψ > and the nearest separable state.
€
2
€In order to minimize | ψ > − | φ > , or instead | ψ > − | φ > , the Lagrange

€
multiplier method is introduced.
2. Nature of 2-qubit
states
€
€
In 2-qubit states, the general form can be written as

| ψ >= a00 | 00 > +a01 | 01 > +a10 |10 > +a11 |11 >
,where aij are complex, and

∑a a

ij ij
i, j ∈{0,1}

*

=1

€
By simply local unitary (LU) operations, state | ψ > can be written into a

€form

€

€
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| ψ >= a0' 0' | 0'0'> +a1'1' |1'1'>
2
2
, where a0' 0' ,a1'1' are real, and a0' 0' + a1'1' = 1 . The method to transform the
states as explained above is called Schmidt decomposition. Note that this
€
transformation is unique. That is, two different Schmidt decompositions are
€
€
impossible for same state | ψ > .

Here one can see that, with suitable choice of basis, complex number is not
necessary in entanglement measure, since now all coefficients are real. Since
€
measures of entanglement in 2-qubit states are quite straightforward. I will
finish the discussion on 2-qubit states here.
3. Nature of 3-qubit states
In 3-qubit states, the general form can be written as

| ψ >= a000 | 000 > +a001 | 001 > +a010 | 010 > +a011 | 011 >
+a100 |100 > +a101 |101 > +a110 |110 > +a111 |111 >
,where aijk are complex, and

∑a

a

ijk ijk
i, j,k ∈{0,1}

*

=1

€
At this point, one might expect that the general form can be decomposed as

€real state form as shown in 2-qubit states. However, Schmidt decomposition
€
cannot be applied with higher number of qubits. According to A Acin et al
(2001), at least 5 local basis product states are required (in case of 2-qubits
states, at most 2 local basis product states are enough). Worse than that, the
coefficients are not necessarily real. In the same paper, one of the 3-qubit
state canonical forms is introduced:

| ψ >= λ0 | 0'0'0'> + λ1e iϕ |1'0'0'> + λ2 |1'0'1'> + λ3 |1'1'0'> + λ4 |1'1'1'>
,where λi ,ϕ are real. The decomposition into this canonical form can be
achieved by LU operation. Note that, though, two different decompositions
€
as shown above are possible for same states | ψ > . Still, the lack of
€
uniqueness in this decomposition does not affect the measure of
entanglement since this decomposition comes from LU operations.
€
The next question one might ask is that, if we allow more than 5 local basis
product states, can we decompose general form of 3-qubit state into real
state? This is one of the questions that I tried to solve. However, A Acin et al
already answered this question in Appendix B in the same paper. The
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answer is no. There exists conditions involving with invariants under LU
operations required in order to decompose general form of 3-qubit state into
real state. An example of conditions is that one of λi = 0 or ϕ = 0 , where λi ,ϕ
are parameters as shown in this canonical form. Other condition is too
difficult to interpret into simple expression of known parameters.
€
€
€
Now, one can see that complex number is required even in the simplest form,
i.e. canonical form. Let’s use the canonical form to investigate how complex
numbers affect measures of entanglement.
4. Measure of entanglement for 3-qubit pure-state canonical form
4.1 Wootter’s entanglement of formation and concurrence
Since this measure is defined for 2-qubit system, it is irrelevant to discuss
here.
4.2 3-tangle
3-tangle is one of invariants discussed in A Acin et al. It turns out that

τ 3 (| ψ >) = λ20 λ24
Here, one can see that 3-tangle has no ϕ -dependence.
4.3 Negativity

€

€
All of six negativity measures for 3-qubit state starts with computing
ρ =| ψ >< ψ |.

ρ =| ψ >< ψ |= ( λ0 | 000 > + λ1e iϕ |100 > + λ2 |101 > + λ3 |110 > + λ4 |111 >) ⊗
€

( λ0 < 000 | + λ1e−iϕ < 100 | + λ2 < 101 | + λ3 < 110 | + λ4 < 111 |)

€
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ρ = (λ20 | 000 >< 000 | + λ12 |100 >< 100 | + λ22 |101 >< 101 | +
λ23 |110 >< 110 | + λ24 |111 >< 111 |)
+ λ0 λ1e iϕ |100 >< 000 | + λ0 λ1e−iϕ | 000 >< 100 |
+ λ0 λ2 |101 >< 000 | + λ0 λ2 | 000 >< 101 |
+ λ0 λ3 |110 >< 000 | + λ0 λ3 | 000 >< 110 |
+ λ0 λ4 |111 >< 000 | + λ0 λ4 | 000 >< 111 |
+ λ1λ2e iϕ |100 >< 101 | + λ1λ2e−iϕ |101 >< 100 |
+ λ1λ3e iϕ |100 >< 110 | + λ1λ3e−iϕ |110 >< 100 |
+ λ1λ4 e iϕ |100 >< 111 | + λ1λ4 e−iϕ |111 >< 100 |
+ λ2 λ3 |101 >< 110 | + λ2 λ3 |110 >< 101 |
+ λ2 λ4 |101 >< 111 | + λ2 λ3 |111 >< 101 |
+ λ3 λ4 |110 >< 111 | + λ3 λ4 |111 >< 110 |

TA
Now, let’s compute ρ in order to find N(BC )−A (| ψ >) :=

€

ρ TA = (λ20 | 000 >< 000 | + λ12 |100 >< 100 | + λ22 |101 >< 101 | +
€ | + λ24 |111 >< 111 |)
λ23 |110 >< 110
€
iϕ
−iϕ
+ λ0 λ1e | 000 >< 100 | + λ0 λ1e |100 >< 000 |
+ λ0 λ2 | 001 >< 100 | + λ0 λ2 |100 >< 001 |
+ λ0 λ3 | 010 >< 100 | + λ0 λ3 |100 >< 010 |
+ λ0 λ4 | 011 >< 100 | + λ0 λ4 |100 >< 011 |
+ λ1λ2e iϕ |100 >< 101 | + λ1λ2e−iϕ |101 >< 100 |
+ λ1λ3e iϕ |100 >< 110 | + λ1λ3e−iϕ |110 >< 100 |
+ λ1λ4 e iϕ |100 >< 111 | + λ1λ4 e−iϕ |111 >< 100 |
+ λ2 λ3 |101 >< 110 | + λ2 λ3 |110 >< 101 |
+ λ2 λ4 |101 >< 111 | + λ2 λ3 |111 >< 101 |
+ λ3 λ4 |110 >< 111 | + λ3 λ4 |111 >< 110 |

€
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|| ρ TA || −1
2

 λ20




TA
ρ =
λ0 λ1e−iϕ






λ0 λ1e iϕ
λ0 λ 2
λ0 λ 3
λ0 λ3
λ0 λ 2

λ0 λ 4

TA TA
Next we have to write ρ ρ

€

€

λ0 λ 4
λ12
λ1λ2e−iϕ
λ1λ3e−iϕ
λ1λ4 e−iϕ
+

λ1λ2e iϕ
λ22
λ2 λ3
λ2 λ4

λ1λ3e iϕ
λ2 λ3
λ23
λ3 λ4






 = ρ TA +
iϕ 
λ1λ4 e

λ2 λ4 
λ3 λ4 

λ24 

in diagonal form. Here the problem is too

complicated to solve by hand. However, it is likely that diagonal entries are
ϕ -dependent. This leads to conclusion that the measure is likely to be ϕ
€
-dependent.
Now, let’s compute TrA ( ρ) in order to find N B −C ;A (| ψ >) := N(TrA ( ρ))
€
2
2
2
TrA ( ρ) = ( λ0 | 00 >< 00 | + λ1 | 00 >< 00 | + λ2 | 01 >< 01 | +

λ23 |10 >< 10 | + λ24 |11 >< 11 |)
€
€
+ λ1λ2e iϕ | 00 >< 01 | + λ1λ2e−iϕ | 01 >< 00 |
+ λ1λ3e iϕ | 00 >< 10 | + λ1λ3e−iϕ |10 >< 00 |
+ λ1λ4 e iϕ | 00 >< 11 | + λ1λ4 e−iϕ |11 >< 00 |
+ λ2 λ3 | 01 >< 10 | + λ2 λ3 |10 >< 01 |
+ λ2 λ4 | 01 >< 11 | + λ2 λ4 |11 >< 01 |
+ λ3 λ4 |10 >< 11 | + λ3 λ4 |11 >< 10 |
(TrA ( ρ ))TB = ( λ20 | 00 >< 00 | + λ12 | 00 >< 00 | + λ22 | 01 >< 01 | +

λ23 |10 >< 10 | + λ24 |11 >< 11 |)
+ λ1λ2e iϕ | 00 >< 01 | + λ1λ2e−iϕ | 01 >< 00 |
+ λ1λ3e iϕ |10 >< 00 | + λ1λ3e−iϕ | 00 >< 10 |
+ λ1λ4 e iϕ |10 >< 01 | + λ1λ4 e−iϕ | 01 >< 10 |
+ λ2 λ3 |11 >< 00 | + λ2 λ3 | 00 >< 11 |
+ λ2 λ4 |11 >< 01 | + λ2 λ4 | 01 >< 11 |
+ λ3 λ4 |10 >< 11 | + λ3 λ4 |11 >< 10 |

€
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 λ20 + λ12

λ λ e−iϕ
TB
(TrA ( ρ )) =  1 2 iϕ
 λ1λ3e

 λ2 λ 3

λ1λ2e iϕ
λ22
λ1λ4 e iϕ
λ2 λ4

λ1λ3e−iϕ
λ1λ4 e−iϕ
λ23
λ3 λ4

λ2 λ3 

λ2 λ4 
+
= (TrA ( ρ))TB
λ3 λ4 

λ24 

TB
TB
Again, we have to write (TrA ( ρ )) (TrA ( ρ))

€

+

in diagonal form. Here the

problem is too complicated to solve by hand. However, it is likely that
diagonal entries are€ ϕ -dependent. This leads to conclusion that the measure
is likely to be ϕ -dependent.

€
4.4 Schmidt Measure
€
Since any 3-qubit pure state (with at most 8 local basis product states) can be
written in canonical with 5 local basis product states, the upper bound of
Schmidt measure for 3-qubit pure states is log 2 5 . However, this number is
not necessarily the least upper bound since Schmidt Measure does not limit
to orthogonal decomposition.

€
A Acin et al suggested a different decomposition, which can also be thought
of as an alternative generalization of the Schmidt decomposition for
three-qubit states. This decomposition could be written as a superposition of
just two product staes, not necessarily orthogonal,

| ψ >= α | 000 > + βe iδ | ϕ1ϕ 2ϕ 3 >
,where α and β are positive real numbers. This decomposition is only
possible when λ0 ≠ 0 and λ4 ≠ 0 (these conditions are translated from a
€ invariants addressed in A Acin et al).
involving
€condition
€
Let’s consider the role of ϕ in Schmidt measure in several cases:
€
€
Case I: λ0 ≠ 0 and λ4 ≠ 0
This is just the case where decomposition above is legitimate. In fact,
€
parameter α , β and γ come from (see (42) Appendix B A Acin et al.)
€
€
2
1
α=
λ1λ4 e iϕ − λ2 λ3 + λ20 λ24
λ4
€€
€
1
β=
λ22 λ23 + λ24 ( λ24 + λ22 + λ23 )
λ4

δ = arg(λ1λ4 e iϕ − λ2 λ3 )

€
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Since λ0 ≠ 0 and λ4 ≠ 0 , α , β are also non-zero. Hence, Schmidt measure of
this state is always 1 independent of ϕ .

λ4 = 0
Case II: λ0 = 0 and
€
€
€
€
In this case, we have state

€
| ψ >= λ1e iϕ |100 > + λ2 |101 > + λ3 |110 >=|1 > ⊗( λ1e iϕ | 00 > + λ2 | 01 > + λ3 |10 >)
€
€
Here one can use Schmidt decomposition to justify if this state is separable
or not. One way to calculate Schmidt coefficients is to compute matrix

€

TrB (| ψ >< ψ |) .
| ψ >< ψ |= λ12 | 00 >< 00 | + λ22 | 01 >< 01 | + λ23 |10 >< 10 |

€

+ λ1λ2e iϕ | 00 >< 01 | + λ1λ2e−iϕ | 01 >< 00 |
+ λ1λ3e iϕ | 00 >< 10 | + λ1λ3e−iϕ |10 >< 00 |
+ λ2 λ3 | 01 >< 10 | + λ2 λ3 |10 >< 01 |
TrB (| ψ >< ψ |) = λ12 | 0 >< 0 | + λ22 | 0 >< 0 | + λ23 |1 >< 1 |

€

+ λ1λ3e iϕ | 0 >< 1 | + λ1λ3e−iϕ |1 >< 0 |
 λ2 + λ2 λ1λ3e iϕ 
=  1 −i2ϕ

λ23 
λ1λ3e
Then, the Schmidt coefficient coefficients can be obtain from eigenvalues of

€

this matrix, i.e., the solutions of equation (x − λ12 − λ22 )(x − λ23 ) − λ12 λ23 = 0 are
squares of Schmidt coefficients. The condition such that one of Schmidt
coefficients becomes zero, i.e. the state becomes separable, is
€
( λ12 + λ22 ) λ23 − λ12 λ23 = 0 implies λ2 = 0 or λ3 = 0
This condition has no ϕ -dependence. In other words, under this case,
Schmidt measure can be 0 or 1 independent of ϕ .
€
€
€
Case III: λ0 = 0 and λ4 ≠ 0
€
In this case, we have state
€
| ψ >= λ1e iϕ |100 > + λ2 |101 > + λ3 |110 > + λ4 |111 >
€
€
=|1 > ⊗(λ1e iϕ | 00 > + λ2 | 01 > + λ3 |10 > + λ4 |11 >)
Again, one can use Schmidt decomposition to justify if this state is separable
or not. Same procedure can be used:
€
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| ψ >< ψ |= λ12 | 00 >< 00 | + λ22 | 01 >< 01 | + λ23 |10 >< 10 | + λ24 |11 >< 11 |
+ λ1λ2e iϕ | 00 >< 01 | + λ1λ2e−iϕ | 01 >< 00 |
+ λ1λ3e iϕ | 00 >< 10 | + λ1λ3e−iϕ |10 >< 00 |
+ λ1λ4 e iϕ | 00 >< 11 | + λ1λ4 e−iϕ |11 >< 00 |
+ λ2 λ3 | 01 >< 10 | + λ2 λ3 |10 >< 01 |
+ λ2 λ4 | 01 >< 11 | + λ2 λ4 |11 >< 01 |
+ λ3 λ4 |10 >< 11 | + λ3 λ4 |11 >< 10 |

TrB (| ψ >< ψ |) = λ12 | 0 >< 0 | + λ22 | 0 >< 0 | + λ23 |1 >< 1 | + λ24 |1 >< 1 |
€

+ λ1λ3e iϕ | 0 >< 1 | + λ1λ3e−iϕ |1 >< 0 | + λ2 λ4 | 0 >< 1 | + λ2 λ4 |1 >< 0 |

λ12 + λ22
λ1λ3e iϕ + λ2 λ4 
=

−iϕ
λ23 + λ24 
λ1λ3e + λ2 λ4
Now,

€

the
2
1

2
2

equation
2
3

2
4

for

determining

iϕ

(x − λ − λ )(x − λ − λ ) − ( λ1 λ3e + λ2 λ4 )( λ1 λ3e

−iϕ

eigenvalue

becomes

+ λ2 λ4 ) = 0 . The condition such

that one of Schmidt coefficients become zero, i.e. the states become separable
is

€

( λ12 + λ22 )( λ23 + λ24 ) = ( λ1 λ3e iϕ + λ2 λ4 )( λ1 λ3e−iϕ + λ2 λ4 )

λ22 λ23 + λ12 λ24 = λ1 λ2 λ3 λ4 (e iϕ + e−iϕ )
1λ λ
λλ 
cosϕ =  2 3 + 1 4 
2  λ1 λ4 λ2 λ3 
,assuming that λ1, λ2 , λ3 are also non-zero. So, in this case, Schmidt measure

€

depends on ϕ .
Still, it leads to the arguable point about ϕ as a representation of
€
“complexness” in 3-qubit pure states. In this case, one may use Schmidt
€
decomposition to get rid of ϕ in the first place.
€
Case IV: λ0 ≠ 0 and λ4 = 0
In this case, we have state
€
| ψ >= λ0 | 000 > + λ1e iϕ |100 > + λ2 |101 > + λ3 |110 >
€
€
Suppose the state can be written as
| ϕ i >= ai | 0 > +bi |1 > . This implies

€
€

€

(1)a1a2 a3 = λ0 .....,(2)b1a2 a3 = λ1e iϕ
(3)a1a2b3 = 0.......,(4)b1a2b3 = λ2
(5)a1b2 a3 = 0.......,(6)b1b2 a3 = λ3
(7)a1b2b3 = 0.......,(8)b1b2b3 = 0

€
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| ψ >=| ϕ1ϕ 2ϕ 3 > ,

where

Since we force λ0 ≠ 0 in this case. (1) implies ai ≠ 0 . Then, (3) and (5) implies

b2 = b3 = 0 . Hence, by (4) and (6), λ2 and λ3 must be zero. In other words,
given λ0 ≠ 0 and λ4 = 0 , the state is separable if and only if λ2 = 0 and
€
€
λ3 = 0 independent of ϕ .
€ be written
€
Next suppose the state can
as | ψ >=| ϕ1ϕ 2ϕ 3 > + | θ1θ 2θ 3 > , where
€ | ϕ >= a | 0€> +b |1 >
€
i
i
i
and | θ i >= c i | 0 > +di |1 > . This implies
€
(1)a1a2 a3 + c1c 2c 3 = λ0 .....,(2)b1a2 a3 + d1c 2c 3 = λ1e iϕ
€
(3)a1a2b3 + c1c 2 d3 = 0.......,(4)b1a2b3 + d1a2 d3 = λ2
€
(5)a1b2 a3 + c1d2c 3 = 0.......,(6)b1b2 a3 + d1d2c 3 = λ3

€
€
€

(7)a1b2b3 + c1d2 d3 = 0.......,(8)b1b2b3 + d1d2 d3 = 0
If all coefficients are non-zero, then
(7) and (8) gives a1d1 = b1c1

€

(3) and (7) gives a2 d2 = b2c 2
(5) and (7) gives a3 d3 = b3c 3
€
(i)a1a2 a3 + c1c 2c 3 = λ0 ..................,(ii)a1b1a2 a3 + b1c1c 2c 3 = λ1e iϕ
€
(iii)a1a2 a3b3 + c1c 2b3c 3 = 0.............,(iv)a1b1a2 a3b3 + b1c1a2b3c 3 = λ2
(v)a a b a€ + c b c c = 0.............,(vi)a b a b a + b c b c c = λ
1 2 2 3

1 2 2 3

1 1 2 2 3

1 1 2 2 3

3

(vii)a1a2b2 a3b3 + c1b2c 2b3c 3 = 0.......,(viii)a1b1a2b2 a3b3 + b1c1b2c 2b3c 3 = 0
Then, (i) contradicts to (iii),(v),(vii) and (viii) since λ0 ≠ 0 . So, it is not
legitimate to assume all coefficients are non-zero.

€

It turns out that, unlike separable state, it is difficult to find if and only if
€
condition for 2 product states decomposition. Still, by assuming several
coefficients to be zero, one may find conditions that allow 2 product states
decomposition. For example, let a1 = 0 . Then, by (1), c i ≠ 0 . Next, (3), (5) and
(7) implies d2 = d3 = 0 . After that (8) implies one of b’s is zero. If b1 = 0 , (4)

€
€

€

and (6) force λ2 = λ3 = 0 , which is just the condition for separable state. So,
€
€
let b2 = 0 or b3 = 0 instead. This forces either λ2 = 0 or λ3 = 0 independent
€
€
of ϕ . The rest can be solved without further assumption. Hence, given
€
λ0 ≠ 0 and λ4 = 0 , if either λ2 = 0 or λ3 = 0 , the state can be decomposed to
€
€
€
2 product states.
So far, we have shown that in case of λ0 ≠ 0 and λ4 = 0 , it is possible that
€
€
€
Schmidt measure is zero (separable state) or one (essentially superposition of

€

€
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2 product states). Note that there are two conditions on λi but not on ϕ
required for separable states, while there is single condition on λi , not on ϕ
required for some of superposition of 2 product states. What happen for
€
€
superposition of 3 product states? Can we decompose our state to 3 product
€
€
states without restriction at all? This might lead to the least upper bound of
Schmidt measure for 3-qubit states. At least, it is known in some literature

1
that W-state | ψ >= 3 (|100 > + | 010 > + | 001 >) has Schmidt measure log 2 3 .
Is there any 3-qubit state with Schmidt measure 2? This is still unanswered
question.
€

€

4.5 Geometric measure
In order to minimize

2

| " > # | $ > , or instead | " > # | $ > , the Lagrange

multiplier method is required. However, for states with more than 2 qubits,
the problem arrives
to nonlinear eigenproblem
(Wei and Goldbart, 2002).
!
!
Still, in some special cases, the geometric measure can be analytically
determined. It is found that the closest separable state to symmetric state is
also symmetric (Wei et al, 2010). This reduces the number of parameters in
optimization problem. Let’s now focus on symmetric 3-qubit states.
In general form, 3-qubit pure state can be described as
| ψ >= a | 000 > +b(| 001 > + | 010 > + |100 >)
+c(| 011 > + |101 > + |110 >) + d |111 >

,where a,b,c and d are complex and satisfies normalization condition. It is
possible to write this state in term of the canonical form introduced before.
€
However, there is another canonical form which is symmetric (Higuchi and
Sudbery 2000). Let’s use that canonical form instead

| ψ >= κ 0e iθ | 000 > +κ1 | 001 > +κ 2 | 010 > +κ 3 |100 > +κ 4 |111 >
,where κ i are real and positive and 0 ≤ θ < π . Note that the conditions
under which this decomposition is unique are not known. Moreover, the
€
relation between parameters here and parameters in previous canonical
€
€
form is not simple. However, since symmetric states are now preferable,
canonical form with symmetric local product states is rather appropriate.
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Note that the state is symmetric when κ1 = κ 2 = κ 3 .
Any 3-qubit separable states can be written in the form

| φ >= (cosν | 0 > +e iδ sin ν |1 >) ⊗3

€
= cos3 ν | 000 > +e iδ sin ν cos2 ν (| 001 > + | 010 > + |100 >)
+e i2δ sin 2 ν cosν (| 011 > + |101 > + |110 >) + e i3δ sin 3 ν |111 >

|" > # | $ >

2

is therefore

€
2

2

!

€

2

2

| ψ > − | φ > = cos 3 ν − κ 0e iθ + 3e iδ sin ν cos2 ν − κ1 + 3e i2δ sin 2 ν cosν + cos 3 ν − κ 4

2

We seek for δ,ν that minimizes this quantity. It is quite clear that the
condition to minimize the distance between two states is θ -dependent.
Therefore, it is likely that geometric measure itself is also θ -dependent. In
€
this canonical form, θ represents need of complex numbers. So, we may
€
conclude that complex number is essential in order to distinguish states with
€
different geometric measure.
€
5. Discussion and conclusion
Here is the conclusion of relationship between ϕ , the phase in A Acin’s
i$
canonical form | " >= #0 | 0'0'0'> + #1e |1'0'0'> + #2 |1'0'1'> + #3 |1'1'0'> + #4 |1'1'1'> ,
and measures of entanglement:
€

!

ϕ -dependence

Measure of Entanglement
1.

Wootter’s

entanglement

of

Not compatible with 3-qubit state

formation and concurrence

€

No ϕ dependence

2. 3-tangle

Note: it is actually " 3 (| # >) = $20 $24
3. Negativity

€

Difficult to analyze by hand. However, it is
likely that!all of them are ϕ -dependent

4. Schmidt Measure
Case I: "0 # 0 and "4 # 0

Schmidt measure is 1 independent of ϕ .

Case II: "0 # 0 and "4 # 0

Schmidt measure is 0 if λ2 = 0 or λ3 = 0 .

€

Otherwise, Schmidt measure is 1.

!
!

!

€

!

€
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€

Case III: "0 = 0 and "4 # 0

Schmidt measure is 0 or 1 dependent of ϕ .
However, in this case, the state can be
decomposed by Schmidt decomposition such

!

!

Case IV: "0 # 0 and λ4 = 0

€

that no complex number appears in context.
We have known some certain conditions that
Schmidt measure is 0 and 1. Those conditions

!

€

are independent of ϕ .

It is likely that log 2 3

is the least upper bound of Schmidt measure
for 3-qubit pure state.

5. Geometric measure

€

€

Difficult to analyze by hand. The symmetric
separable states and symmetric canonical
form are chosen to analyze instead. It turns
out that geometric measure is likely to depend
on θ , the phase appeared in symmetric
canonical form.

€
There are two interesting problems from this study:
(1) Why are some measures of entanglement required complex number but
some measures are not? This might leads to better understanding of
nature of orbits of each entanglement measure. Also, if the amount of
entanglement does not depend on phase, it might be easier to generate
entangle states with certain amount of entanglement since the phase can
be arbitrary.
(2) Is ϕ , the phase in A Acin’s canonical form, a good indicator of complex

€

number requirement in entangled states? As we have seen in geometric
measure, it seems that θ in canonical form with symmetric local product
states is better indicator because of its symmetry. Different canonical
forms (with different complex number indicator) may lead to different
€
implications. One of them may gives better picture of entanglement.
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Appendix: Introductory Presentation
Understanding quantum mechanics for quantum information
In order to address enough knowledge in order to understand basic quantum
information and to answer this working paper, minimal quantum mechanics
knowledge is required. People who study basic electronics do not have to
know gauge invariance in electromagnetism. Similarly, people who study
basic quantum information, you do not have to know advanced quantum
mechanics either. Here quantum mechanics is minimally and informally
introduced so that readers with knowledge of linear algebra and complex
numbers can understand.
1.1 Single qubit system

State
In classical information theory and electronics, single state of information
can be either “0” or “1”. In term of physical implementation, it can be
represented by “high voltage” or “low voltage”, “black cat” or “white cat”, or
“appear” and “disappear” etc. However, we will use “0” and “1”. The state of
single object that we described here is called “bit”. The state of bit can be
either “0” or “1” only.
However, in quantum world, the state of single quantum bit, “qubit”, can be
other than “0” and “1”. Actually, the state of qubit is not discrete number, but
vector with complex number entries.
(1)

%# (
or | " >= ' *
&$ )

| " >= # | 0 > + $ |1 >

,where "!, # are complex, and "" * + ## * = 1
!
In term of physical implementation, it can be represented by 2 state
quantum system such as “spin up” or “spin down”, “Right-handed circulated”
!
!
or “Left-handed circulated” etc.

Operation and Measurement
In classical information theory and electronics, what we can do with single
bit is to keep the same state or flip it. Physical implementation depends on
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system. In electronics, flip or “NOT” operation can be done by transistor
switch called CMOS. In Black and white cat system, “NOT” operation can be
operated by human and paints in hand. Note that the measurement on state
does not change the state at all. Using voltmeter to a wire or looking at a cat
cannot change states, i.e. wire’s voltage or cat’s color, in classical world.
In quantum world, set of operations on single qubit can be larger than two.
Moreover, measurement also affects the state.
 Unitary operation
Roughly

speaking,

operation

is

action

that

transforms

one

state

| ψ >= a | 0 > +b |1 > to another state | ψ >= a'| 0 > +b'|1 > . Unitary operation is
just the operation that always preserves normalization condition, that is, to
make a' a'* + b'b'* = 1.

€

€
€
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Near-Infrared Observations of Eta Carinae during the Spectroscopic Event in
2009 with Wide Field Cryogenic Telescope 2

My name is Janette Suherli, I come from Bandung Institute of Technology, Indonesia. Here in the
University of Tokyo Research Internship Program (UTRIP) 2010, I intern for Onaka-sensei in Onaka’s
Lab. During the program, I worked on the data of Eta Carinae obtained in Near-Infrared during the
spectroscopic event 2009 which done by Sakon, I., et. al. using the Wide Field Cryogenic Telescope 2
(WFCT 2).
Eta Carinae is a massive stellar system which itself has a mass about 120 times solar mass and it is
believed that Eta Carinae has a binary companion which also a hot massive star. This star is located
about 7500-8000 light years from the Sun and is one of the most massive stars in our galaxy. Eta
Carinae mostly observed from southern hemisphere and you cannot see it from Japan. Eta Carinae is
surrounded by an emission nebula called Homunculus Nebula. Homunculus nebula embedded within a
much larger HII region which we known as Carinae Nebula. So, Eta Carinae is a really complex object.

During its life, Eta Carinae had through some changing in brightness. At 1843, Eta Carinae underwent
a great eruption which believed to eject some of its mass and produced the Homunculus Nebula. This
great eruption had made Eta Carinae the brightest object in the night sky at that time. After that
phenomenon, the brightness of Eta Carinae slowly faded until 1890s which this star experienced a
lesser eruption. The brightness of the star was not so much increasing compare to its brightness when
the great eruption happened. After the lesser eruption, Eta Carinae became invisible by naked eye.
From 1900s, Eta Carinae’s brightness is getting brighter until nowadays.
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The thing that interesting is that Eta Carinae has regular changes in brightness every 5.54 years. This
phenomenon happens when the secondary star came across the periastron of the primary and termed as
‘spectroscopic event’. Basically spectroscopic event is a mass ejection from the primary star and
characterized by the abruptly disappearance of high-excitation emission line from the star’s spectrum.
So, it is believed that during the spectroscopic event, there is a dust formation around Eta Carinae.
The reasons why we interested to do a research on Eta Carinae in near-infrared during its spectroscopic
event are firstly because Eta Carinae is the brightest object in infrared wavelength and the hot dust has
a peak in infrared wavelength. Secondly, the dust formation (and destruction) by massive stars are
important to explore the origin of dust in the early universe. The third reason is that no one knows what
causes such 5.54 period phenomenons in Eta Carinae, by studying the collision of two stellar winds; we
hope that we can explain the behavior of light curve at the spectroscopic event. We are interested to
examine the properties of dust grain around Eta Carinae in such a small time span near the
spectroscopic event. Hence, by monitoring the variation in near-infrared light curve during the
spectroscopic event, it is quite efficient to see the properties of the hot dust.
The observation of Eta Carinae was done by using a WFCT 2 which built by Nagoya University and
placed at South Africa. WFCT 2 has an aperture about 20 cm and a field of view of one degree times
one degree which is very large, astronomically speaking. In ground-based infrared observation, the
detector receives a large amount of thermal radiation from both the sky and the telescope itself. Hence,
to prevent the data from such disturbance, we must place the telescope at a cold, dry, and high altitude
site; and the telescope must be cooled until certain temperature. Even though WFCT 2 is a small
telescope, it has a good cooling system which can cool the telescope until ~80 K, so the observation can
achieve a high sensitivity.
For the Eta Carinae observation, we used 3 from 8 filters of WFCT 2, which are K-band (2.20 μm),
UIR-band (3.31 μm), and Ln-band (3.67 μm). The observation covered data from 8 Jan – 10 Feb 2009.
Images of Eta Carinae and two standard stars were taken simultaneously in one frame and were using
defocus mode to avoid the saturation of Eta Carinae. During this research, my work focused on the data
reduction and analyses. From the data obtained, we reduced only 9 date’s data (10, 15, 16, 20, 21, 23,
24, 26, and 29 Jan 2009) because we are interested in the time near the spectroscopic event. The first
step of the data reduction was standard reduction, include the sky image subtraction, flat-fielding, and
bad-pixel masking. Then we were shifting and stacking good images (we excluded the images which
we considered as bad images). Finally we did the aperture photometry to obtain the flux density ratio.
All of these steps were obtained using the IRAF.
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Here are the flux density graphs which we obtained.
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As we can see, the flux density trend from three pass-bands shows a decreasing-trend. Then we built a
spectral energy distribution (SED) graph for each date of observations and added the data from IRSF
observation of Eta Carinae’s spectroscopic event which was taken simultaneously in different place.
The data shows that our data are not contaminated by the free-free emission (gas emission) and fully
consist of thermal emission which came from the dust, so we can make further analyses and calculation
with our data.
Next is calculating the temperature and the mass of dust around Eta Carinae. We chose silicate model
for our calculation because it is widely believed that the dust grain formed around Eta Carinae is mostly
consist of silicate dust rather than carbonaceous dust. We fit the thermal emission into this function:

fv

X

MX

4
3

1
X

a

Bv

3
X

, TX Q

abs
X

aX
R

2

We knew the value of flux density for each three wavelength from aperture photometry and we seek for
the value of temperature and mass and the value for the rest parameters was known from various
literatures. For calculating those parameters, we used a program written in FORTRAN language. From
this calculation, we obtained,
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We can see from the graph that the temperature of the dust around Eta Carinae was increasing while the
dust mass was decreasing during the spectroscopic event. One of the possible interpretations that we
believed is some dust is heated nearly above its evaporation temperature and then had evaporated which
caused the dust mass reduction. These are a new result because people mostly believed that during the
spectroscopic event, there is dust formation which is increasing the mass of the dust, but our
observations showed that if we look at a smaller time span, there is actually some dust destruction
during the event.
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The future works from this research is me and the people in Onaka’s lab who working on this project
really hope that this results can yielded as a scientific paper which can be published at an international
journal. For that reason, we will keep contact and work on this research in a long distance discussion
via email or else.
I really overwhelmed with gratitude because I have this chance to participate in this UTRIP 2010. I like
to acknowledge the entire UTRIP organizer, my supervisor: Onaka-sensei and Sakon-san, my TA :
Ryou-san, and all the people in Department of Astronomy, University of Tokyo who made my days in
lab very great. Also to the UTRIP participant who were being such a nice mate during the program
especially in all the trips.
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Sedimentary Rhythm Detection Based on Color Measurement
Therese Monical
Introduction:
To study past climate change, we can study sedimentary rocks. Because the process of
sedimentation is highly dependent on climate, we can see climate changes reflected in the composition
of this rock. For example, organic matter doesn't easily make it to the bottom unless the ocean is anoxic,
so rock formed under anoxic conditions tend to contain more organic carbon.
For new rocks, we can sample the ocean floor to study this record directly. Many older samples,
however, are destroyed when the plate they are on is destroyed through subduction zone activity. This
lack of direct samples complicates the study of these older periods.
When one plate subducts beneath another, some of the subducting plate is scraped off and left
behind on the upper plate. This residue is called an accretionary complex. Ocean floor samples are the
preferred method of analysis because the rock in accretionary complexes tends to be tightly folded and
deformed. However, with care, it is possible to reconstruct continuous sections and study these
accretionary complexes.
This study was conducted with samples taken from an accretionary complex near Inuyama,
Japan. A sequence covering a 6 million year timespan from the early Triassic was obtained from an
outcrop in the Kiso River for analysis. Rocks were dated by comparing carbon isotope ratio variations
to a known model for this time period.
Several species of rock are present in the sample. Black shale, dolomite, silaceous mudstone,
argillaceous chert and pyrite (both nodules of about 1mm and thin lamination) were previously
identified to be in the sample by visual examination (both of cut rocks and in the field) and by analysis
of the composition of the rocks.
The aforementioned sedimentary rocks differ mostly in their biogenic component contents (such
as SiO2 and total organic carbon content (TOC)) and terrestrial material such as AlO2. This can be used
to identify the rocks However, measuring this content directly is time-consuming and destroys samples.
As accretionary complex samples are already difficult to process, a new analytical process
would serve to greatly enhance the study of prehistoric climate change by eliminating the need to
destroy precious samples. Color measurement prevents the destruction of samples and decreases the
amount of time spent on each sample, increasing total throughput.
Methods:
Color was measured approximately every centimeter for the length of the sample using a
spectrophotometer. Points that were visibly heavily weathered were not measured.
Color measurements were made in the L*a*b* measurement system. “L*” is a measure of
brightness, with high L* representing lighter colors and low L* representing darker colors. “a*” is a
measurement of how red or green the rock is, with positive a* being red and negative a* being green.
“b*” is a measurement of yellow and blueness of the rock- high b* is yellow while negative b*
represents blueness.
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After measurement, colors were correlated to rock type and to composition of the rock.
Composition was determined by Mr. Sakuma in an earlier study.1
Results and Discussion:

Figure 1:
Results of color measurement, photograph of rocks sections, columnar section
(black:black shale, orange: gray shale, green:dolomite, blue:greenish-gray siliceous
mudstone)

Note that low points in L* correspond to black shale, showing that the sedimentary rhythm can be
correlated with color measurements.
The relationship between a* and L* is strongly negative for the entire section, indicating that
dark rocks tend to be redder..
Figure 2: Relationship between
a* and L*. Note the strong negative correlation.

Regions of high weathering were associated with a high b*. These regions typically had
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“rusty” looking weathering, which was orange in color. The yellow component of the orange was
detected by b*. However, not every high peak in b* was associated with weather. At least two points
were associated with pyrite instead, since pyrite's gold color is very yellow.
Also note once more the correspondence
between low L* and black shale.

Figure 2: Peaks in b* correspond to weathering
(or pyrite, not shown). Typical section shown.
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Figure 3
Figure 4

The relationship between a* and b* is more complicated. For approximately the first 3.6 meters, the
relationship between a* and b* is strongly positive. After that, the relationship is much weaker, though
it appears to be slighty negative.
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Figure 5: Note the relatively strong correlation for the first 3.6 meters (teal) and the weaker,
negative correlation for the upper part of the section (blue).

It is possible that the
correlation is due to mild
weathering- the first 3.6
meters were more
heavily weathered than
the later parts of the
sample, and the visible
weathering tended to be
orange in color. This
would account for the
positive correlation
between red and yellow.
Removing the visibly
weathered points did not
affect this trend, so any
weathering causing this
trend might not be visible
to the human eye.
Figure 6:
Iron and a*. Two points were removed because of visible pyrite in the region
the iron data was obtained. Pyrite is an iron compound, so this skewed the
measurements in those regions.
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The most surprising finding from this study was the correlation between a* and the percentage of iron
in the sample. It may be that iron in this section was primarily present in an oxidized state, causing a
reddish color for areas rich in iron. The more iron, the more red the color, leading to the above trend.

Conclusions:
From the data, it is clear that a* and iron content are highly correlated in the absence of pyrite.
Also, large peaks in b* tend to indicate either weathering or pyrite. These finding could be used to
determine iron content of rocks in a more convenient way, without destroying samples. It might also be
possible, in rocks with less pyrite, to use b* as a semiquantitative index of weathering, though more
research would be needed for this. Also, it is possible to detect the sedimentary rhythm using color
measurements.

References:
1. Sakuma H. High-resolution reconstruction of the deep-water environment and its relation with
shallow-water environment during the End-Permian to the Early Triassic: Implication for the cause and
consequence of ocean anoxia at the P/T boundary
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I.

Introduction : Definition of Plasma

The first step we have to know about plasma. Since nuclei carry positive charges, they
normally repel one another. To overcome the Coulomb barrier, the kinetic energy of the
nuclei is increased by heating. The higher the temperature, the faster the atoms or nuclei
move. The fuel must be heated to temperatures around 100 million degrees, at which the
nuclei overcome the force of repulsion of the positive charges when they collide, and
fuse. At much lower temperatures (about 10 thousand degrees), the electrons and nuclei
separate and create an ionized gas called plasma.
Plasmas are also known as the fourth state of matter. The other three states are solids,
liquids, and gases. Each atom in a solid, liquid or gas is electrically neutral, with a
positively charged nucleus surrounded by negatively charged electrons. In a plasma, the
electrons are stripped from the nuclei of the atoms resulting in an ionized gas where
positively and negatively charged particles move independently. Hence, since the
particles in a plasma are charged, they conduct electricity and interact with magnetic
fields.

Figure 1. The Comparison states of matter.
And we can get aplication of plasma in some cases (with a parameter : Temperatur (K) and Number
Density (Charged Particles/ m3)). However, the full range of possible plasma density,

energy(temperature) and spatial scales go far beyond this illustration. For example, some
space plasmas have been measured to be lower in density than 10 to the power -10 per cubic
meter or (10exp-10)/m3 - 13 orders of magnitude less than the scale shown in the figure! On
the other extreme, quark-gluon plasmas (although mediated via the strong force field versus
the electromagnetic field) are extremely dense nuclear states of matter.
For temperature (or energy), some plasma crystal states produced in the laboratory have
temperatures close to absolute zero. In contrast, space plasmas have been measured with
thermal temperatures above 10+9 degrees Kelvin and cosmic rays (a type of plasma with very
large gyroradii) are observed at energies well above those produced in any man-made
accelerator laboratory. Considering Powers of 10 is useful for grasping the unique way in
which plasmas are radically multi-scale in space, energy and density
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Figure 2．Range of plasmas
II.

Magnetohydrodynamics (MHD)

In this part , i try to make a simple sentences, What is a Magnetohydrodynamics (MHD) ?. And
this is a simple sentences about MHD consist of 3 sentences :
1. MHD is the academic discipline which studies the dynamic of electrically conducting fluids.
2. The word magnetohydrodynamics is derived from magneto-meaning magnetic field, and
hydro – meaning Fluid and dynamics meaning movement.
3. The Idea of MHD is that magnetic fields can be induced in a moving conductive fluid, which
create forces on the fluid, and also change the magnetic field itself.
III.

MHD Waves

There is an interesting variety of magnetohydrodynamic waves, but the subject is one of
complexity, so I will only try to give a good idea of the types of magnetohydrodynamic waves in the
simplest cases, leaving all the complexity of finite conductivity, fluid viscosity and other factor aside.
Let's assume that the fluid is in a constant applied magnetic field Bo, that the conductivity is high
enough that the magnetic field is frozen in, that the fluid is compressible, but nonviscous, that the
frequency is sufficiently low to eliminate displacement current or charge separation (plasma) effects,
and, of course, that all the variable quantities in the wave are small enough to make linearization of
the equations a satisfactory approximation. Even with all these simplifications, the algebra is still
formidable. And we have to know about this sentences.
1. All waves result from a restoring force
2. Sound waves are produced by compression (gas pressure is restoring force)
3. Alfven waves are produced by magnetic tension only
4. Magneto-acoustic waves are derived from gas and magnetic pressure, and magnetic tension .
IV.

Phase velocity , group velocity , sound wave in air

In all waves we can get information about Phase velocity and group velocity and This is
explanation about Phase velocity and group velocity.
Phase velocity
The phase velocity is the velocity on the wave of a point of constant phase/velocity of the wave
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Group velocity
The group velocity is (energy propagation speed & direction)

Vg 


k

Figure 3 The phase and group velocities of a wave can be determined from its dispersion relation
Sound wave in air

This is an example to get relationship between time (t) and distance (x) and based on this
picture we can see linear relation between time and distance. So we can say for case sound
wave in air we can get same velocity in all directions.

Figure 4 Propagation of sound wave
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V.

Mathematical Treatment MHD and Alfven Wave

We begin with a mathematical description of the extended MHD equations and we will focus on a
model that is a suspect of these four models , the extended MHD equations and we can use linear
analysis to help us to solve equation about MHD. I think it is not easy , but I can explain for you step
by step

You have to substitute linear analysis to the four models , and you can get :
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Red line is formula to find Alfven velocity , and blue line is formula to find phase velocity consist of
2 parts (Fast mode and Slow mode)
Finally this is Equation about Phase velocity of Magnetohydrodynamic (MHD)

Alfven wave
Alfvén waves are low frequency magnetohydrodynamic plasma waves or oscillationsAlfvén waves
are of fundamental importance in the behavior of many laboratory and space plasmas. Basically, these
waves can be thought of as waves on a magnetic string. The magnetic field acts like a string, and the
plasma particles act like beads. Heavier beads - heavier plasma ions - means the waves are slower and
the wavelength is longer.

The Alfvén velocity is defined as vA2 =

B2



where r is the mass density. There are two types of Alfvén waves, Shear and Compressional.
Shear waves bend the magnetic field lines, but the local plasma kinetic pressure remains
constant. Compressional waves change the total plasma pressure.
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*Shear Waves
The figure at the right shows shear waves propagating shear along the z axis, ie. along the
magnetic field. In any x plane the waves have the same phase. However, in adjacent planes
the waves can have a different different phases. Thus, the wavevector k can be oriented at an
arbitrary angle to the background magnetic field. The relationship between frequency and
wavenumber, w and k, is the dispersion relation.

Figure 5 Shear Wave
For shear waves this becomes w/k = vA cos 
where q is the angle between k and the magnetic field. But, the wave energy still propagates
only along the magnetic field. Shear waves are generated in response to magnetic field line
bending, radiating away the energy. Close to the ion cyclotron frequency the shear wave
dispersion relation changes to account for the ion cyclotron resonance. It becomes:

where wci is the ion cyclotron frequency, qB/mi. At the cyclotron frequency the Alfvén wave
becomes resonant, and the wavelength goes to zero. Shear waves can be further categorized
as either inertial or kinetic depending on whether the Alfvén speed is less than or greater than
then the electron thermal speed
*Compressional Waves
Compressional waves, on the other hand can propagate at any angle to the magnetic field. As
shown in the figure at the left, adjacent field lines in the same plane can have different phases
and "compress" the plasma between them. The compressional wave propagates at the same
speed regardless of the direction of k. w/k = vA

Figure 6 Compressional Waves
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If we include thermal effects the compressional wave has two modes: the slow and fast mode.
In the slow mode changes in magnetic pressure are out of phase with changes in kinetic
pressure, and the total pressure remains constant. For the fast mode the total pressure
fluctuates. Physically, the slow mode tends to reduce parallel pressure gradients, while the
fast mode tends to reduce perpendicular pressure gradients. The dispersion relation for the
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; Vs is the ion sound

Based on , Group velocity equation (
) in part IV, we can using this formula to find fast ,
slow and alven group velocity. Ok we can start from this part.

After that we can get :

Three components (X , Y ,Z) in Alfven Group Velocity
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Three components (X , Y ,Z) in Fast Group Velocity
1/ 2
VA2VS2
1
  
2





C
C
j
sin
2
sin  cos 2 
 Fg 
M
1/ 2
2
2

x
CM  j j









  
 C Fg   0

y
1/ 2
1
VA2VS2
  
cos  sin 2 
CM2  j cos   2
 C Fg   
1/ 2
2
2

z
CM  j j









with : k  k sin  , 0 , k cos  ; j  CM4  4 VA2VS2 cos2  ; CM  VA2  VS2
2

VI.

Analysis

By using “GNUPLOT” I try to make 3 kinds of figure
A. Diagram of Relation between θ and Vph (Based on Final Equation Phase Velocity in MHD)

Figure 7a. VS> VA

Figurs 7ｂ. VS＝ VA

Figure 7ｃ. VS＜ VA

From this figures , we can get one information :
For arbitrary  , The propagation speed of these waves is distinct and VF > VA > VS
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B. Diagram of Phase Velocity (Based on Final Equation Phase Velocity of MHD)

Figure 8a. VS > VA

Figure 8b. VS ＝ VA

Figure 8c. VS ＜ VA

From this figures , we can get two informations :
1. When θ = 90˚, that is , when the propagation is perpendicular to B, VA= VS = 0 and
VF = (VA 2+ VS2)1/2. The waves degenarate to magnetosonic mode and this is the only mode
that propagates with a nonvanishing speed.
2. When θ = 0˚ that is , when the propagation is pararllel to B , VF = V A if VA > VS and
VA = VS if VS > VA
C. Diagram of Fast , Slow , Alfven Group Velocity ((Based on Final Equation GroupVelocity
in each components of MHD)

Figure 9a. VS > VA

Figure 9b. VS ＝ VA

Figure 9c. VS＜ VA

From this figures , we can get two informations :
1. Energy travels fastest across field lines for fast wave
2. Slow wave energy transport along field lines is restricted to a cone about B
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VII.

Summary and Conclusions

1. Performed the linear analysis of MHD equations and derived phase and group velocity of
MHD waves
2. The Alfven mode is a purely transverse mode. The velocity perturbation is transverse to both
B and k this mode does not create a perturbation in the density , pressure , or ambient
magnetic field
3. The fast and slow waves are compressive modes and they change fluids properties for
example when the density increases, the magnetic field increases for fast mode, and
decreases for slow mode
4. For both fast and slow modes , peturbation of the velocity and the magnetic field remain in
the plane defined by the magnetic field and the wave normal.
5. The properties of MHD wave and sound wave is completely different.
VIII.

References

Magnetic Control of Tokamak Plasma by Marco ariola and Alfredo Pironti
Plasma Physics and Fusion Energy by Jeffrey Freidberg
Plasma Physics (An Introduction to laboratory space and fusion plasma) By Alexander Piel

Special thanks to :
1.
2.
3.
4.

My supervisor in UTRIP Summer 2010 : Prof Masahino HOSHINO
My teaching Assitant in UTRIP Summer 2010 : Ryo HISOTAKE san
Personal Information of OIP : Sachiko soeda san
Personal Information of OIP : Mira kawamura san

(1)

(2)

(3)

(4)

“GANBARIMASU”

UTRIP Summer 2010

June 25 – 6 August , 2010
60

Search for Gas Hydrate in Japan Sea
Cruise Report of YK10-08 R/V Yokosuka
July 10 – 26 (Yokosuka – Nagasaki)

Name

: Alfeus Ebenezer Kaban

Nationality

: Indonesia

Department

: Earth and Planetary science

Supervisor

: Prof Ryo Matsumoto

Earth and Planetary science
Faculty of Science
The University of Tokyo

61

Search for Gas Hydrate in Japan Sea
Cruise Report of YK10-08 R/V Yokosuka
July 10 – 26 (Yokosuka – Nagasaki)
1. Introduction
a. Definition Gas
HydrateHydrocarbon gases (methane, ethane etc.) and water molecule form solid compound at
low T and high P condition. Gas molecules are trapped within a crystal structure composed of
water molecules. Gas hydrates are stable at the temperatures and pressures that occur in
ocean-floor sediments at water depths greater than about 500 meters, and at these pressures
they are stable at temperatures above those for ice stability. Gas hydrates also are stable in
association with permafrost in the polar regions, both in offshore and onshore sediments.
b. Ocean survey an exploration
Side scan sonar (SSS) , Sub-bottom Profile, Seabathymetri (SEABAT), Single channel seismic for
Sea floor and sub-seafloor mapping and Sea water sapmpling by Niskin on AUV for identification
of CH4 anomaly.
c. Objective and Methods
i. Objective
Identification and refine the distribution of gas hydrate zone in deep sea
sediments in Joetsu Basin
ii. Methods
Single channel seismic (SCS) survey
AUV mapping by side scan sonar (SSS), multi-narrow beam echo
sounder (MBES), and sub-bottom profiler (SBP)
Sea water sampling to identify high CH4 concentration zone

d. Location Research Gas Hydrate Exploration Cruise YK10-08 In Joetsu Basin, eastern margin Japan
Sea July 10-26 2010 . Joetsu Basin is located at southwest of Sado Island
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Fig. 1: Map study area

2. AUV (Autonomous Underwater Vehicle) and Sampling Devices
Deep Sea Cruishing AUV URASHIMA
a. The deep sea cruising vessel Urashima is an autonomous deep-sea exploration robot
which was developed by JAMSTEC since 1998. The vehicle is able to determine its own
location and follow predefined courses configured in its onboard computer. On
February 28 ,2005 Urashima succeeded to complete the world record, 317-km
continuous cruise. Urashima is able to automatically collect oceanographic data ( such
as salinity, water temperature and dissolved oxygen) required to clarify the mechanism
of global warming over an extensive areas. The vehicle is also able to cruise along the
seafloor in order to acquire extremely high-resolution seafloor topography and subbottom structure. The vessel is navigated by program put into its computer, which
means that it can perform surveys over a particular fixed location or up and down a
defined narrow path or range.
b.
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Data on the Autonomous underwater vehicle, URASHIMA
Maximum
depth capability
Cruising
distance
Dimensions
Weight
Speed
Power source
operation
Survey
instruments

3,500 m
More than 100 km (using a lithium-ion battery)
More than 300 km (using a fuel cell )
10 m (L) x 1.3 m (W) x 1.5 m (H)
Approx. 8 tons (with a lithium-ion battery )
Approx. 10 tons (with a fuel cell )
3 knots (4 knots maximum )
Lithium-ion baterry or fuel cell
Autonomous or acoustic remote control ( wireless, operated from the support
ship )
Physical Measurement devices
Automatic water sampler (for measuring CO2)
CTDO (salinity, water temperature, dissolved oxygen )
Deep seafloor research ( earthquake research, etc. )
High-sensitivity digital camera
Side scan sonar
Sub-bottom profiler
Multibeam echo sounder

c. AUV “TUNA SAND”
TUNA_SAND is hovering type AUV designed to conduct visual investigations of seafloor
features. The arrangement and specifications of the vehicle are shown in fig. 1 and Table
1, respectively. TUNA_SAND can be operated as a ROV (Remotely Operated Vehicle )
with a thin fiber optic cable. In addition, thera are two ballast releasers for diving and
surfacing, respectively. The weights are 5 kg each.For pitch and roll stability, the vehicle
has the buoyancy material in the upper part and the battery in the lower part. The
vehicle has 2 vertical thrusters and 4 larger horizontal thruster are arranged with an
offset angle of 30 degree to achieve a large surge thrust. This allows for greater thrust
than the conventional arrangement where two thusters are used for surge. The
maximum thrust in surge direction is 250N
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3. Water sampling from Niskin Bottles
Water sampling by AUV Urashima, sub-sampling onboard laboratory, and analysis at the University
of Tokyo Laboratory. This is the steps procedure
URASHIMA bring new water samples
Collecting the bottles with water samples
Collect samples of water for each specific analysis
Washing the bottles to avoid contamination
Transporting water sample to the YOKOSUKA lab
Separated sample into 3 group for Dissolved gas analysis, Microbial Analysis, Dissolved ion
analysis

The steps for Determination of dissolved CH4 concentration of se-water (Head=space method)
95 ml seabottle from onboard
Inject 5 ml He Head sapce
Shaking 15-20 minute
Put in Gas Chromatograph Machine
Inject 0.5 standard Gas
Extract Gas CH4
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4. Analysis of Sea Water Samples
Tabel Concentration ( data from Gas Chromatography machine ) and coordinate position
No
sample
1
2
3
4
5
6
7
8
9
10
11
12
13
14
15
16
17
18
19
20
21
22
23
24

y (Area )
11316
9080
10713
1911
1159
7540
4951
4612
6376
1214
9839
4434
1356
8940
11551
1518
1737
7457
3184
8740

X (concentration 10^10)
0.120790325
0.096922601
0.114353725
0.020398578
0.012371508
0.080484186
0.052848436
0.04922985
0.068059306
0.012958594
0
0.105024391
0
0.047329825
0.014474344
0.095428199
0.123298784
0.01620358
0
0.018541251
0
0.07959822
0.033986956
0.09329334
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n mol/Liter
12.71477103
10.20237902
12.03723419
2.147218756
1.302264018
8.472019582
5.56299323
5.182089431
7.164137514
1.364062569
0
11.05519903
0
4.982086847
1.523615193
10.04507362
12.97881939
1.705640017
0
1.951710612
0
8.37875995
3.577574317
9.820351611

Cordinate
Position
37_35.3671N
37_35.4263N
37_35.5029N
37_35.5678N
37_35.6417N
37_35.6483N
37_35.5574N
37_35.5015N
37_35.4139N
37_35.3535N
37_35.2867N
37_35.2185N
37_35.1515N
37_35.1386N
37_35.2004N
37_35.2697N
37_35.3489N
37_35.4199N
37_35.4943N
37_35.6525N
37_35.0556N
37_35.0658N
37_35.2511N
37_36.1659N

137_58.6879E
137_58.7342E
137_58.7863E
137_58.8340E
137_58.8873E
137_58.9601E
137_58.9447E
137_58.9027E
137_58.8580E
137_58.8024E
137_58.7516E
137_58.7055E
137_58.6505E
137_58.5894E
137_58.6121E
137_58.6730E
137_58.7237E
137_58.7735E
137_58.8328E
137_58.9599E
137_58.4965E
137_58.5343E
138_01.9976E
137_59.4941E

Point Analysis
1. Sampling Point with Value of Concentration, top value is 13 nMolar and bottom is 1 nMolar
(data from Gas Chromatograph machine ). The result separated into three Zone: High
concentration, intermediate zone and Background level.
2. AUV sub-bottom profiler revealed chaotic/transparent seismic facies zone (gas chimney) below
the mound suggesting fluid migration.
3. AUV Urashima Multi-narrow beam identified unusual mound characterised by rough surface
and depressions in its central part
4. High methane concentration anomaly observed over the mound indicates that the growth of the
mound has been caused by upward migration of methane and probably gas hydrate
accumulation in surface sediments
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5. Conclusion-How to identify High CH4 and Gas Hydrate Zone
AUV Urashima Multi-narrow beam identified unusual mound characterised by rough surface
and depressions in its central part.
AUV sub-bottom profiler revealed chaotic/transparent seismic facies zone (gas chimney)
below the mound suggesting fluid migration.
High methane concentration anomaly observed over the mound indicates that the growth
of the mound has been caused by upward migration of methane and probably gas hydrate
accumulation in surface sediments.
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Analysis of Seismic Anisotropy beneath the Japanese islands
Introduction:
Seismic anisotropy is basically variation in velocity of propagation of seismic waves with
variation in the direction of their polarization (particle motion). It is believed that at many
places earth is seismically anisotropic in nature. For example some parts of crust and upper
mantle is considered to be strongly anisotropic. Now, this anisotropy is originated due to the
mantle flow which aligns minerals in the direction of flow or orientation of cracks in a
particular direction in case of crust. Unlike the isotropic medium when seismic waves pass
through this anisotropic medium, the shear wave split into two direction of polarization with
different propagation velocities. This particular property is used to know more about the
dynamic model of the earth (e.g. mantle flow).

Methodology of Analysis:
When a shear wave enters an anisotropic medium, it splits into two perpendicular directions
of polarizations. One wave travels faster than the other. In reality we do not have any
information about the direction of polarization of the shear wave originated at the source
(depends on source mechanism occurring at a depth of 500km or more for deep earthquakes).
Also we do not know about the fast or slow direction in the anisotropic medium. We only get
seismograms recorded in three different directions at different stations on the surface of the
earth. Now, if we plot the two components of the shear wave (without splitting as in case of
isotropic medium) on X-Y axis we get a linear plot. Whereas when we plot the same two
components for the split shear wave we get non-linear plot. As already explained this nonlinearity comes from the splitting. So in the last 6 weeks I tried to do analysis in the reverse
direction of splitting. My aim was to rotate the two components of seismogram in the
direction of fast and slow and provide a time shift so that the non linear plot changes to a
linear plot.
For this analysis I picked only the S and SKS phases of seismogram for the deep earthquakes
to know about the anisotropy of earth just below the station. I used 64 F-Net station data
spread all over the Japan for 42 different earthquake events over last 10 years. They were
mainly far earthquakes. Then I coded some programs in C language to apply rotation and
time shift to my data. But then I do not know the direction of rotation and also the time shift.
So, my program rotated each station data for a particular earthquake from 0-180 degrees
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(with an interval of 1 degree). For each degree rotation I provided the time shift of 0-4
seconds (with an interval of 0.05 sec) and calculated the cross-correlation between the two
components. In this way I got 180*80 values of cross correlation for each station for each
event. Now I started with the aim to get a linear plot by doing the right rotation and time shift
in the fast and slow direction. To obtain that, I coded in a way to get the maximum value of
cross correlation from 180*80 values for each station for each event. The corresponding
values of theta and time shift gave me the Fast direction and split time for the waves reaching
that particular station. Similarly I calculated the values of fast direction and split time for all
64 stations for 42 earthquake events. Then I plotted my results on the map of Japan to get a
better view of mantle flow direction. There was large variation in the fast direction for most
of the stations. To have a consistent result, I tried to find the median of fast direction and split
time for all the events for each station. Then I coded to calculate the variance (and standard
deviation) from the median and discarded the results for the stations with standard deviation
greater than 30 degrees.

Results:
There were only 11-12 stations which have standard deviation values less than 30 degrees
from the median. So I plotted only those stations on the map. The northern part of Japan (the
main island) did show a lot of variation in the fast direction if we move from one station to
other. So nothing can really be said clearly about the exact flow direction in the mantle which
causes anisotropy. May be this is due to the thick crust beneath the main island which is more
complex and this particular method is not very good to analyze that.
Unlike the northern stations, the stations in the southern islands (Ryukyu Islands) were pretty
consistent and almost all of them were indicating the same fast direction. Another most
interesting thing to notice was that this fast direction was parallel to the trench in that area.
Now this particular result matches with all other trench parallel observations around the
world. A possible explanation for trench parallel observation is given by the 3-D flow of the
mantle around the subducting slab. Basically, near a subduction zone if a trench retreats the
mantle material below has to go around the subducting plate and this causes the trench
parallel flow. As already explained the fast direction is supposed to be along the mantle flow
direction, so my results are pretty much consistent in the southern part matching the trench
parallel observations. This may be due to the thin crust and simple structure beneath that area
unlike the main islands.
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Synthetic Study toward
Truncated Norzoanthamine

upon 192 hours of mixing under room
temperature. 2 layers were observed,
Thin Layer Chromatography was then
attempted to ensure completion.

Introduction
Norzoanthamine is an alkaloid isolated
from Zoanthus sp., has been known to
suppress the decrease in loss of bone
weight in ovariectomised mice1 by
protecting collagens from degradation
under external stresses such as UV
irradiation or protease digestion.

Purification
The purification procedures 1 & 2 were
carried out following the previous work
while procedures 3 & 4 were altered aiming
to study their importance in the synthetic
route toward Truncated Norzoanthamine.

Realising its significant clinical benefits,
demand for Norzoanthamine is expected
to increase gradually. To step up the scale
of production meeting the increasing
demand, an alternative molecule,
Truncated Norzoanthamine was designed2.

1. Solvent extraction was done by Ethyl
Acetate to remove DMSO present, as
its presence disrupts the
crystallisation of (+)-Wieland
Miescher ketone in the later step.
2. Silica Gel Chromatography was used
to further isolate the Wieland
Miescher ketone from the organic
layer obtained. The choice of solvent
follows the previous work.
3. Distillation was done twice, first
distillate was obtained at
157oC (6 mmHg)
4. Recrystallisation was done four times,
under the condition of -20oC, 18 hours.
Pure (+)-Wieland Miescher ketone
crystal seeds were added to initiate
the recrystallisation.

This paper studies the synthetic route
toward Truncated Norzoanthamine,
particularly searching for cost-effective
purification methods to improve
enantiopurity of the Wieland-Miescher
Ketone resulted from Robinson
Annulation.

Procedures
Synthesis
Starting with compound 1 (2-methyl1,3Cyclohexadi-one), vinyl methyl ketone
and hydroquinone in water, compound 2
is formed after 4 hours of mixing under
temperature 75oC. The reaction mixture
was degased every 24 hours to remove
by-product water.

Results
Synthesis
Colour of reaction mixture turns dark
gradually upon the formation of Wieland
Miescher ketones, yield obtained before
recrystallisations (purification procedure 4)
is 46.1%, a fair achievement compared to
literature; Optical purity 56.84%

The Synthetic route to Wieland Miescher
ketone continued via Robinson
Annulation, catalysed by L-prorine in
Dimethyl Sulfoxide (DMSO), completed

Purification
Light yellow oily distillate was obtained
after the second distillation, first distillate
was obtained at 157oC (6 mmHg);
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Temperature / oC

Temperature Change in 1st Distillation
200
180
160
140
120
100
80
60
40
20
0

Optical Purity against no. of recrys.
80%
70%
60%
50%
40%
30%
20%
10%
0%

oil bath temp.
vapour temp.
0

50

Before
Recrys.

100

1st
recys.

2nd
recys.

3rd
recys.

4th
recys.

Duration / mins

Discussion

Temperature / oC

Temperature Change in 2nd Distillation
200
180
160
140
120
100
80
60
40
20
0

Synthesis
The dark colour resulted as the reaction
proceeds is thought to be mostly given by
polymerised methyl vinyl ketone as in
later silica gel chromatography, dark claylike solids were isolated.

oil bath temp.
vapour temp.
0

20

40

Purification - Second Distillation
The second distillation has led to a
decreased yield compared to the
literature and the previous work.
However, the purity has not been
improved significantly after the second
distillation to justify the loss in yield. It is
therefore recommended that 1 distillation
is desirable in this synthetic route.

60

Duration / mins

fairly white crystals were obtained in the
recrystallisations, with respective optical
purity shown here below:
No. of Recrystallisation
0
1
2
3
4

Optical Purity
56.84%
55.78%
59.01%
75.03%
68.63%

Purification – Recrystallisation
The result obtained in this purification
method is totally unexpected.
Theoretically, (+)-isomer within the
produced racemic mixture has a higher
tendency to crystallise on the pure crystal,
gaining higher enthalpy change due to
similar geometry. However, as the crystal
stays in the racemic mixture longer, (-)isomer would also crystallise on the (+)isomer crystal seeds and lowers the
overall optical purity. Therefore it is
sensible to expect a sharp increase in
optical purity on the first recrystallisation
product and then decrease gradually.

Optical purity decreased slightly after the
first recrystallisation and increase slowly
to maximum of 75.03% then decrease
after the fourth recrystallisation.
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The recorded drop in optical purity is
thought to be brought by incomplete
drying of crystals, in which the excess
solvent disrupts the effective
concentration and thus decrease the
optical purity measured.
As the amount of solvent in the reaction
mixture is increased, the diffusion
distance between molecules is larger and
isomers took longer time to crystallise on
the crystal seeds. This lengthened the
time taken of effective crystallisation and
delayed the effect of increasing optical
purity. The maximum optical purity,
75.03%, was reached after the third
recrystallisation. Decrease in optical
purity has also been taken place as
reflected in the fourth recrystallisation
product.
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1. Introduction
Modern Challenges for Organic Synthesis
From simple molecules to organic or potent drugs like Taxol, organic chemistry
serves as a fundamental tool to create new and useful molecules that are relevant to
our daily life.
Traditionally, prefunctionalization, that is tuning the reactivity of a substrate by
introducing appropriate functional groups, is extensively used for the synthesis of new
molecules. These methodologies are highly potent and selective to achieve highly
efficient synthesis of challenging molecules, but they involve extra steps for
prefunctionalization, and create much waste. The catalysts typically rely on rare,
expensive, and toxic second- and third-row transition metals, although recent
progresses have allowed the use of sustainable first-row metals as catalysts.
"Traditional"
catalyst
FG1

+ FG2

C–H activation
H

catalyst

+ FG2

Figure 1:
“Traditional” Synthesis vs. C–H Activation

Ideally, organic transformation reactions would make use of the ubiquitous C–H
bonds for the formation of new C–C bonds, but most of these C–H bonds are not
reactive enough to be synthetically valuable. There is also the problem of selectivity,
that is, the target reaction must differentiate among the numerous C–H bonds of the
substrate, and therefore a directing group is typically utilized.
Even so, much progress has been made, and second- or third-row transition metals
such as palladium, platinum, rhodium, amongst others, have been efficiently used as a
catalyst to effect direct functionalization of C–H bonds. 1 Effective these metallic salts
may be, they pose environmental and health problems due to their high toxicity.
Because of these reasons, there is a motivation to develop synthetic methodologies
that use cheaper, environmentally benign alternative metals, in order to sustain the
consumption of catalysts for organic synthesis in the long run.

Iron as an Ideal Catalyst
1

Sezen, B.; Sames, D.; Handbook of C–H Transformations: Applications in Organic Synthesis; Dyker,
G., Ed.; Wiley‐VCH Verlag GmbH & Co. KGaA, Weinheim, 2005; Vol. 1, pp 3‐9.
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One of the current candidates is iron, one of the most abundant metals found on the
Earth’s crust. Iron can be found in organisms, for example the hemoglobin in our red
blood cells also makes use of iron to transport oxygen to the rest of our body, and it
also found numerous applications in industry, giving the name of an early
technological revolution in human history, the “iron age”, and in modern ages being
the main component of steel for example.
In the field of chemistry, one of the most famous examples of the usage of iron in
catalysis are oxidations or the Friedel-Craft reaction, 2 but until recently, its uses in
organic synthesis are limited, as a result of the popularity of highly efficient catalysts
based on second- and third-row transition metals. Currently, driven by the need to
develop sustainable methodologies, many research groups are working on developing
new synthetic routes using iron to gradually replace more expensive and toxic
transition metals. It is rather challenging because unlike platinum or palladium, the
mechanisms of iron-catalyzed reactions still remain unclear until today, and the
reactivity of organoiron species is very difficult to control.
Iron-Catalyzed C–H Bond Activation
Although there are many examples of transition metal catalyzed aromatic C–H
arylation, iron-catalyzed aromatic C–H activation followed by C–C bond formation
(eq 1) has only been reported recently in our group. 3

(1)

Phenanthroline =
N

TMEDA =

N

N

N

On the other hand, olefinic C–H bonds are much less studied, despite the importance
of substituted olefins and the lack of practical and selective synthetic methodologies.
Our group recently discovered a new method for direct arylation of olefinic C–H
bonds using iron as a catalyst (Scheme 2). This reaction proceeded with high yield
and selectivity, and in view of the need to expand the utility of this reaction, we
explored its application for the synthesis of functional molecules and for medical
applications.

2

Bolm, C.; Legros, J.; Le Paih, J.; Zani, J. Chem. Rev. 2004, 104, 6217.

3

Norinder, J.; Matsumoto, A.; Yoshikai, N.; Nakamura, E. J. Am. Chem. Soc. 2008, 130, 5858.
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(2)

2. Results and Discussion
Applications for the Synthesis of Functional Molecules
Recently, some indene-containing molecules developed in our group were
demonstrated to possess desirable properties such as ambipolar charge transport for
organic light-emitting diodes (OLEDs). 4 We realized that the directing group, the
pyridyl group in this case, essential for our iron-catalyzed arylation reaction, could be
exploited for its intrinsic electronic properties to enhance the performance of this
class of indene containing compounds, and we synthesized some indenes to try this
functionalization reaction (Figure 2).

(3)

Figure 2:
Indene-Containng Compounds

The functionalization of indene 1 (eq 4) led to two inseperable isomers 2a and 2b.
The idea was to introduce a dimethyl/diphenyl cap (Figure 3) to prevent isomerization
during the main reaction.

(4)
2a
1

Figure 3:
Dimethylated and Diphenylated Indenes
4

Nakamura, E. et al. J. Am. Chem. Soc. 2009, 131, 13596–13597.
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2b

Initially, there were problems of introducing the dimethyl group to indene 1, which
could be due to the resonance structure formed during the deprotonation when n-butyl
lithium was introduced to the reaction mixture (Figure 4). The reaction was modified
a few times to prevent the resonance effect from affecting the way the methyl group
was directed during the second step, but the desired product 5 was not determined.

1

3a

3b

(5)
3a

4

5

Figure 4:
Resonance Structures of Intermediate 3b

An alternative approach was tried, by first synthesis of various ketones,5 condensation
to form the intermediate alcohol, then dehydration to afford the desired substrates.
First, dehydration was tried with conc. H2SO4, which failed to give the desired
product. This step was modified by the use of acetic anhydride (Ac2O) and N,Ndimethylpyridin-4-amine (DMAP) and refluxing the mixture at 120 °C for 2.5 hours, 6
which afforded the compounds 5 and 6. (eq 6 and 7)

5 (a) Dreier, T.; Fröhlich, D.; Erker, G. J. Organomet. Chem. 2001, 621, 197 (b) Quinn, K. J.; Rae, I. D

Aust. J. Chem. 1981, 34, 685–90.
Fujii, N.; Kakiuchi, F.; Yamada, A.; Chatani, N.; Murai, S. Bull. Chem. Soc. Jpn. 1998, 71, 285–298.

6
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1)
OH
O

O

N

AlCl3 (0.75 equiv)

Li , Et2O, –78 °C to rt

2) Ac2O, DMAP, 120 °C, 2.5 h

C6H6, reflux

N
H

Me
Me
61%

5%

(6)

5
1)

O

N

TfOH (45 equiv)
Ph

CO2H

C6H6, rt, 6 h

Li , Et2O, –78 °C to rt

2) Ac2O, DMAP, 120 °C, 2.5 h
Ph Ph

N
H

Ph
Ph
53%

82%

(7)

6
DMAP =

N

N

Next, the iron-catalyzed C–H bond activation reaction was tried on both olefins 5 and
6 (eq 8 and 9).

The yield for the direct arylation reaction for dimethylated indene 5 was only
moderate, whilst there was no product detected for diphenylated indene 6.
Since the reaction was previously found to be sensitive to steric hindrance, that might
be the reason for the low yields of 7 and 8.
In that case, the reaction conditions (solvents, ligands, and etc) will be considered and
modified to improve the yield of the C–H bond activation product. Also, the structure
of the substrates might be slightly modified to reduce steric hindrance.
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Applications for the Synthesis of Bioactive Molecules
Manzamine A, a natural product found in the marine sponge Haliclona sp. off the
coast of Okinawa, has been extensively researched for being a potent drug in the
treatment of malaria. 7 Manzamine A shows broad biological activity, such as
antibacterial and antiviral properties. Different fragments of this complex molecule
have been examined for their bioactivity, but they were never found to be as potent as
Manzamine A itself. One of the fragments in the Manzamine core has the ideal
directing group that is required for the iron-catalyzed direct arylation reaction (Figure
5).

Figure 5:
Simplified Carbazole fragment from Manzamine A

The retrosynthesis of the Manzamine A fragment suggested several synthetic
alternatives. The most viable route was to use a simple and commercially available
compound, tryptamine 10, and adding 1-cyclohexen-1-carboxylaldehyde 9 with
trifluroacetic acid via a modified Pictet-Spengler cyclization in a two-step reaction to
form the target molecule (eq 10).

(10)

Since the functionalization of the olefin has never been attempted, the iron-catalyzed
C–H bond activation will be tried with the fragment (eq 11), and subsequently the
functionalization of the Manzamine A core itself will be attempted, and finally, the
bioactivity of the functionalized Manzamine A will be screened.

(a) Winkler, J. D.; Londregan, A. T.; Hamann, M. T. Org. Lett. 2006, 8, 2591‐2594 (b) Winkler, J.
D.; Londregan, A. T; Ragains, J. R.; Hamann, M. T. Org. Lett. 2006, 8, 3407‐3409

7
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(11)

3. Conclusion and Perspectives
The employment of iron catalysts in both materials and medical applications would
make use of newly developed methodologies to create useful molecules. Studies
towards the creation of indene molecules with ambipolar charge transport properties
will lead to molecules that may be useful in OLEDs, and studies towards the
functionalization of the Manzamine A olefin group will be a step towards improving
the potency of the drug towards malaria.
In the long run, the development of synthetic methods utilizing iron as a catalyst will
be beneficial to the environment as iron is a sustainable and non-toxic metal, as well
as to the industry, due to the broad availability and low cost of this metal.
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STUDY ON SYNTHESIS OF BICYCLO COMPOUNDS CONTAINING
GROUP 14 ELEMENTS
Phua Jia Han Eunice and Hiroshi Nishihara

1

INTRODUCTION

1.1

Introduction to Arylsilanes

Arylsilanes are one of the most fundamental and widespread classes of
intermediates in modern organic chemistry for Hiyama coupling or as materials for organic
phosphorescent materials and even as medicinal products.1 They have thus been widely
studied for their unique properties and much interest is focused on the introduction of
silicon into organic molecules to produce novel silicon-containing materials.
1.2

Aim of Project

Our group has recently successfully integrated silicon into organic molecules
containing two aryl rings and investigated the interesting properties of the resulting
metalloles such as fluorescence.2

Using the same idea, the aim of this project is to introduce silicon into organic
molecules with three aryl rings to form bicyclo compounds (as below) and to investigate
their properties.


1
2

Yamanoi, Y.; Nishihara, H. J. Org. Chem., 2008, 73, 6671-6678.
Yabusaki, Y.; Ohshima, N.; Kondo, H.; Kusamoto, T.; Yamanoi, Y.; Nishihara, H.
Chem. Eur. J. 2010, 16, 5581-5585
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2

EXPERIMENTAL SECTION

2.1

Materials and Measurements

All chemicals were purchased from commercial vendors and used without further
purification, unless otherwise stated. All solvents used in the synthesis are reagent grade.
Inert reactions were carried out under an argon atmosphere in oven-dried apparatus. 1HNMR and 19F-NMR spectra were recorded on at 400 MHz JEOL NMR spectrometer in
CDCl3 at room temperature. Chemical shifts are reported in ppm referenced to internal
standard ((CH3)4Si = 0.00 ppm) or residual solvent peaks (CDCl3 = 7.26 ppm for 1H NMR).
2.2

Procedures for Synthesis of Compounds

2.2.1 Compound 2

OMe

OMe

MeO

Compound 2 was synthesized according to literature procedures. 3
Tris(2methoxyphenyl)methanol (1) (10.5 g, 30 mmol) was stirred in acetonitrile (30 mL)
and THF (45 mL) before TsOH.H2O (6.3 g, 33 mmol) was added at 0 °C to give a dark
purple solution. The solution was stirred at RT for 12 h and quenched by adding distilled
H2O (100 mL). The white suspension formed was extracted with 3 u 100 mL of Et2O. The
organic layer was dried and then evaporated to dryness before recrystallization was done
using Hexane/Et2O (4:1) to obtain a white solid as a pure product. Yield: 89%. 1H NMR
(400 MHz, CDCl3)  7.16-7.19 (m, 3H), 6.83 (d, 3H), 6.80 (t, 3H), 6.74 (q, 3H), 6.42 (s,
1H), 3.66 (s, 9H); EI-MS (m/z): 334 (M+).
2.2.2 Compound 3

OH

OH

HO

Compound 3 was synthesized according to literature procedures. 4 A solution of
compound (2) (5.0 g, 15 mmol) in dry DCM (50 mL) was cooled to -78 °C before BBr3
(1M in DCM, 49.5 mL, 49.5 mmol) was added. The mixture was slowly warmed up to RT
while stirring for 5 h before H2O (50 mL) was added at 0 °C. The mixture was extracted
with Et2O (100 mL) followed by aq. NaOH (1 M, 2 u 150 mL). The aq. layer was
neutralized by aq. HCl until no more solids were formed and extracted with 2 u 100 mL

3
4

Masuda, Y.; Yoshioka, S.; Yamasaki, S.; Somyo, T.; Chiba, K.; Baba, A. Org. Lett. 2006, 8, 761-764.
ibid.,
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Et2O. The organic layer was dried and evaporated to give a white pure solid 3. Yield: 94%.
1
H NMR (400 MHz, CDCl3)  7.22-7.16 (m, 3H), 6.94 – 6.83 (m, 9H), 6.07 (s, 1H), 4.92
(s, 3H, OH); EI-MS (m/z): 292 (M+).
2.2.3 Compound 4a

OH

OTf

TfO

Compound 4a was obtained as the product when the synthesis of 4 was attempted
according to modified literature procedures. 5 Compound 3 (0.178 g, 0.6 mmol) in dry
DCM (15 mL) and excess Et3N (0.3 mL, 2.2 mmol) was cooled to 0 °C before Tf2O (0.180
mL, 1.05 mmol) was added. The mixture was slowly warmed up to RT while stirring for
12 h before 37% aq. HCl (2 mL) was added to quench the reaction. The mixture was
washed first with sat. NaHCO3 (20 mL) and then aq. NaCl (20 mL), dried and evaporated
to obtain a dark yellow oil. The residue is purified by column chromatography on silica gel
using Hexane/EA (4:1) solvent system (Top band, Rf ~ 0.6) to obtain a light yellow oil (4a).
Yield: 23%. 1H NMR (400 MHz, CDCl3)  7.45-7.28 (m, 4H), 7.22-7.14 (m, 2H), 6.98 –
6.91 (m, 1H), 6.84 – 6.80 (d, 2H), 6.67 - 6.65 (d, 2H), 6.44 (s, 1H), 6.38 (s, 1H), 5.30 (s,
1H); EI-MS (m/z): 556 (M+).
2.2.4 Compound 5
NMe2

OH

Me2 N

OH

HO

NMe 2

Compound 5 was synthesized according to the literature procedure with a slight
modification.6 3-Dimethylaminophenol (2.06 g, 15 mmol) was dissolved in 30 mL glacial
acetic acid and trimethoxymethane (4.45 g, 30 mmol) was added. The dark red solution
was left to stir for 4 h before alkalized with aq. Na2CO3 and extracted with 3 u 70 mL of
DCM/Isopropanol (4:1). The organic phase was dried and concentrated before compound 5
was recrystallized from isopropanol/Et2O. Yield: 58%. 1H NMR (400 MHz, CDCl3)  6.81
– 6.79 (d, 3H), 6.26 – 6.28 (m, 6H), 5.51 (s, 1H), 4.96 (s, 3H), 3.02 – 2.91 (s, 18H); EI-MS
(m/z): 421 (M+).


5

Thompson, A. L. S.; Kabalka, G. W.; Akula, M. R.; Huffman, J. W. Synth. 2005, 4, 0547-0550.
Witzel, H.; Pindur, U. Pharm. Acta Helv. 1988, 63 (6), 164–169.
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2.2.5 Compound 6
NMe 2

OTf

Me 2N

OTf

TfO

NMe2

The synthesis of compound 6 was attempted according to modified literature
procedures.7 Compound 5 (0.50 g, 1.19 mmol) in dry DCM (30 mL) and excess Et3N (1.5
mL, 10.8 mmol) was cooled to 0 °C before Tf2O (1.0 mL, 5.94 mmol) was added. The
mixture was slowly warmed up to rt while stirring for 12 h before 37% aq. HCl (1 mL) was
added to quench the reaction. The mixture was washed first with sat. NaHCO3 (20 mL) and
then aq. NaCl (20 mL), dried and concentrated to obtain a red oil. The pure product 6 was
then recrystallized using DCM and Hexane to obtain a dark pink powder. Yield: 45%. 1H
NMR (400 MHz, CDCl3)  6.75 – 6.73 (d, 3H), 6.59 (s, 3H), 6.54 – 6.51 (d, 3H), 5.98 (s,
1H), 2.94 (s, 18H), EI-MS (m/z): 817 (M+).
2.2.6 Compound 8
Me2N

Me 2N

Si
NMe2

The synthesis of compound 8 was attempted according to modified literature
procedures.8 Compound 6 (50 mg, 0.666 mmol) in dry THF (3 mL), Et3N (25 PL, 0.181
mmol), 5 mol% of Pd(P(t-Bu)3)2 catalyst and p-tolylsilane (8 PL, 0.593 mmol) was left to
reflux at 50 °C in an inert atmosphere. Et4NI (47.2 mg, 0.184 mmol) was added together
with additional 5 mol% of catalyst and dry THF (2 mL) after there was no product formed
after 1 day. EI-MS (m/z): 489 (M+).
3

RESULTS AND DISCUSSION

3.1

Initial Scheme of Synthesis

The initial synthetic scheme involved starting from a simple molecule of
methoxybenzene to form an organic compound containing three aryl rings and then
incorporating silicon to form a bicyclo compound (Scheme 1.0). The aim was to form a
tri-aryl compound with good leaving groups such that the silicon element could be

7
8

Op Cit. Note 4.
Yamanoi, Y.; Taira, T.; Sato, J.; Nakamula, I.; Nishihara, H. Org. Letters, 2007, 9 (22), 4543–4546.
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incorporated into the compound. As iodine-containing compounds were found to be the
best precursors to the silicon containing compounds, the synthetic scheme also involved
changing the aryl side groups to iodine before converting them to the bicyclo target
compounds.
1

2

3

Target

4

Scheme 1.0: Initial Synthetic Scheme from Methoxybenzene

The initial steps of Scheme 1.0 were rather successful, with the synthesis of
compounds 2 and 3 having yields of more than 89%. However, the synthesis of compound
4 was unsuccessful. Instead of tri substituted triflate (OTf) groups, the mono and disubstituted (4a) compounds were obtained instead. Even when the reaction mixture was
refluxed, compound 4 still cannot be obtained. As such, Scheme 1.0 had to be modified
and scheme 1.1 was attempted instead.

Scheme 1.1: Modified Synthetic Scheme using Compound 4a.

The plan was to continue the synthesis from compound 4a synthesized, to change
the two triflate groups to iodine groups first. As iodine is more electron withdrawing than
the triflate group, it is likely that the remaining -OH group would be less strongly attached
to the aryl group and hence form the last triflate group with greater ease. With the
compound containing two iodine and one triflate groups, we would then proceed with
converting the triflate group to iodine, followed by the coupling reaction to incorporate
silicon into the compound.
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However, the conversion of triflate groups to iodine according to modified
literature procedures 9 did not proceed as expected. A complex mixture without the
expected product was obtained, as checked by mass spectrometry, and modifying the
procedures to include harsher conditions such as heating was also unsuccessful. As this
scheme has thus reached a dead end, we would have to come up with a new synthetic
scheme.
3.2

The Second Synthetic Scheme

As the first synthetic scheme did not work, 3-dimethylamino phenol was used as
the starting molecule of the second scheme. This is because of the additional electron
donating amino group which will activate the aryl ring and hence make the aryl rings more
reactive.

Scheme 2.0: Second Synthetic Scheme from 3-dimethylamino phenol.

This new second scheme is actually rather similar to that of the first. After
obtaining the organic compound with three aryl rings, the hydroxyl groups are to be
converted to triflate groups, followed by iodine, before coupling the silicon element to
form the bicyclo compound.
Compound 5 was successfully synthesized with reasonable yield (58%) as
compared to that of literature (62%). Compound 6, a novel compound, was also
successfully synthesized with a yield of 45%, according to modified literature procedures
as before.10 This time, all three hydroxyl groups were successfully replaced with the triflate
groups unlike in the previous synthetic scheme where only 1 or 2 were replaced. This
success is most likely due to the additional electron donating amino group as mentioned at
the beginning of this section.
However, the next step to convert the triflate to iodine groups was unsuccessful.
Attempts to obtain compound 7 were futile as the reaction did not proceed even with
harsher reaction conditions. Instead, the starting material (6) was recovered.

9

Yang, S.; Danny, W. A. J. Org. Chem., 2002, 67 (25), 8958–8961.
Op Cit. Note 4.

10
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As the iodine containing compound 7 could not be obtained, it was decided that the
synthesis of the target compound directly from compound 6 could be attempted (Scheme
2.1). Although it is expected to be less reactive than its iodine analogues, the conditions of
the reactions could be modified to increase the possibility of reaction.

Scheme 2.1: Obtaining the target compound directly from compound 6.

The initial conditions of refluxing in THF did not obtain any results, but after the
addition of Et4NI additive, there was high possibility that the target compound was
obtained, by mass spectrometry analysis. Although the product peak of the final product
was much too low to conclude that it is indeed in the reaction mixture, many fragment
peaks of the product was observed, which were not seen before the additive was introduced.
It is hence concluded that the product was formed in rather small amounts, and that the
reaction would have to be optimized before the isolation of the compound is possible.
4

PERSPECTIVE
R

E
R

R

E: Si or other Group 14 elements
R: H, CH3, NMe2, CN, CF3 etc.

Much more related research is possible for this compound, if successfully
synthesized. The physical properties, such as its cyclic voltammetry, photoluminescence or
electron transfer ability, can be measured. Furthermore, other novel compounds with
different side groups on the aryl rings or incorporating other group 14 elements in the
bicyclo compounds could also be synthesized and its properties investigated to find out the
relationship between the different structures and their properties.
5

CONCLUSION

A bicyclo compound containing silicon was successfully synthesized although
optimization of the reaction is required before sufficient amounts of the compound can be
isolated and then further studied for its physical properties.
6

ACKNOWLEDGEMENTS

I would like to thank Mr Shinpei Kusaka for all his help and guidance and Dr
Yoshinori Yamanoi for all his insightful comments.

88

Real‐time Imaging of Cellular Cyclic‐cGMP in living cells by high sensitivity Fluorescent Indicators
Rachel Cruickshank
due to FRET. FRET‐based probes have previously been
used to monitor intracellular levels of Ca2+, cyclic
Adenosine Mono‐Phosphate (cAMP) and Protease
Activity. My project concerns application of this
principle to a genetically encoded indicator of a specific
intracellular secondary messenger, cGMP.

Development and characterisation of a number of
FRET‐based
ECFP/circular
permutated
EYFP
genetically encoded intracellular probe constructs
using PDE5 binding domains has allowed real‐time
visualisation of the secondary messenger cGMP in
living HEK293 cells. Three constructs are illustrated to
show increased response efficiency than the
previously reported cGMP probe, with the most
efficient also characterised to be cGMP responsive,
selective and reversible. These probes can therefore
be suggested as highly significant to visualise
intracellular cGMP fluctuations in response to specific
conditions. This application could potentially be used
to elucidate aspects of cGMP phenomena currently
not fully understood and to allow screening of drug
candidates affecting upstream and downstream
signalling elements.

Cyclic Guanosine Monophosphate (cGMP) is
synthesised from Guanosine Tri‐Phosphate (GTP) by
membranous and cytoplasmic Guanylyl Cyclase in
response to extracellular peptide hormone signals or
Nitric Oxide respectively. Toxins and NO donors such
as Sodium Nitro‐Prusside (SNP) or NOC7 also act to
increase the intracellular concentration of cGMP.
cGMP acts upon three major classes of downstream
components‐ Phosphodiesterase PDE5 to regulate the
signal, Protein Kinase G (PKG) to phosphorylate
multiple downstream components and amplify the
signal, and Cyclic Nucleotide Gated Cation Channels
(CNG) to bring about changes in the electrical
properties of the membrane.
cGMP has been
illustrated to play major roles in many physiological
responses such as Smooth Muscle relaxation, changes
in cell growth and differentiation, retinal cell photo‐
transduction, electrolyte transport and neuronal
activity. Development of an efficient, specific indicator
for intracellular cGMP is necessary to supersede
previously used Radioimmunoassay techniques which
use a cell lysate from millions of different cells to
establish total cGMP levels over a time period. A
specific intracellular indicator will enable real‐time cell‐
and organ‐specific annotation of particular responses
and dynamics, as well as enabling high‐throughput
screening of cellular responses to potential drug
candidates
acting
on
downstream
elements.

Introduction
Excitation of a fluorophore at a specific wavelength
induces a vertical transition between integral
electronic energy states within the species, with
subsequent energy loss and decay to the lowest
vibrational state within the excited electronic energy
level. Further decay from the lowest vibrational level
back to the ground state results in emission of a lower
energy photon with specific wavelength determined by
E=hc/λ. Förster Resonance Energy Transfer (FRET)
refers to a fluorescent phenomenon by which emission
from a primary excited fluorophore is appropriate to
excite a secondary fluorophore, resulting in a different
observed emission wavelength from the system. The
distance dependence of FRET (proportional 1/r6 where
r=radius) implies that the ratio of emission
wavelengths can be utilised to determine distances
between donor and acceptor FRET groups.
A well established FRET system is the use of modified
Enhanced Green Fluorescent Proteins (EGFP).
Substitutions can create Enhanced Cyan Fluorescent
Protein (ECFP, Y66W) and Enhanced Yellow Fluorescent
Protein (EYFP, T203Y) which act as cognate FRET donor
and acceptor respectively. Vector introduction of ECFP
and EYFP into a cell with a selected separation
sequence can allow expression of a construct with the
two FRET components separated by a protein domain.
The use of specific binding domains means that the
conformational changes induced by binding the
cognate species adjust the distance between the ECFP
and EYFP and causes a change in the emission ratios
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plates with High Glucose, L‐Glutamine and Phenol Red
buffer.

Previously reported cGMP probes include a ECFP‐PKG
Iα‐EYFP construct1 which quantitatively represented
cGMP levels in living cells, and a secondary construct
utilising PDE5 cGMP binding domain2 to make EYFP‐
PDE5‐ECFP which demonstrated an improved
sensitivity.

Probe DNA Derived using a Polymerase Chain Reaction
(PCR) based method with two copies of EYFP DNA to
create a number of different circular permutated
probes. As illustrated, primers for different regions
within the sequence and recovery of missing sequence
from the second copy of EYFP DNA allows construction
of cp‐EYFP DNA probes.

A report in 20043 described a specific circular
permutated mutant of EYFP with acid stability and
efficient maturation which displayed increased
absorption in a calcium dependent FRET‐indicator
system allowing for a higher spatial and temporal
resolution probe. A higher resolution probe increases
the dynamic range of the FRET system to allow
detection of subtle but potentially significant signals.
Circular permutation involves joining of the original
protein Carboxy‐ and Amino‐ terminal ends and
cleavage at a different loop to generate new termini.

DNA Amplification.
Amplification by plasmid
introduction into E.coli and colony selection by
acquired Amphicillin resistance, then extraction using a
standardised
procedures
book
(Promega).
Alternatively, DNA amplification by PCR and Ethanol
precipitation.
Transfection Transfection reagent TransIT with OPTI‐
MEM minimal medium to maximise transfection
efficiency over a few days and ensure stable construct
expression.

EYFP
Fluorescent Microscopy IX71 Olympus Microscope
with ‘MetaFluor’ software for Windows 1998.

A number of genetically encoded ECFP‐PDE5‐cpEYFP
FRET probes can be derived and their relative indicator
efficiencies in Human Embryonic Kidney (HEK) cells can
be compared to wild type EYFP. The purpose of this
study is to develop a more sensitive probe than the
previously describe cGMP probe, EYFP‐PDE5‐ECFP2.

Microscopy Conditions Microscope: IX71 Olympus,CCD
Camera: Micromax, Cell: HEK293, Medium: HBSS, NO
donor: SNP (5μM), Interval: 30 seconds, Exposure
Time: 200μs, Binning: 4, ND Filter: 6%
Assay Output is a ratio of ECFP emission/EYFP emission.
A lower ratio represents a higher degree of FRET
(distance dependent) between the two fluorophore
groups in the construct due to conformational changes
associated with cognate binding event.

Probes investigated: ECFP‐PDE5‐EYFP, cp50, cp158,
cp174, cp196, cp230.

Experimental Methods
Subculture and maintenance of HEK cell line Sterile
conditions. Remove previous buffer from cells by
absolving. Wash with PBS buffer, Trypsin + EDTA
applied to detach cells from plate. Cell suspension in
High glucose buffer and Centrifugation. Re‐suspension
of pellet and distribution of cells between multiple

Total FRET ratio change is calculated by the average
ratio prior to addition of NO donor minus the lowest
point value obtained after addition, or the average
plateau ratio after stimulation if no clear lowest point.
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Specificity Assay Specificity is an essential feature of an
intracellular FRET probe to ensure that the responses
observed are due to binding of the cognate species
only. Specificity characteristics of ECFP‐PDE5‐EYFP and
cp158 can be determined by application of PDE4
Inhibitor. PDE4 plays an equivalent signal regulatory
role for another major secondary messenger, cyclic
Adenosine Mono‐Phosphate (cAMP). If the construct is
cGMP specific, inhibition of PDE4 and the resultant
increase in intracellular levels of cAMP should have no
effect on the observed FRET ratio changes. Application
of PDE4 Inhibitor to EYFP‐PDE5‐ECFP and cp158
expressing cells after SNP stimulation had no significant
effect, confirming the specificity of both FRET probes.

Results and Discussion
Efficiency Assay After transfection of HEK cell plates
with each of the probes, stimulation with SNP to a final
concentration of 5μM and observation of changes in
the observed FRET ratio allowed comparative analysis
of the responsive efficiency of each probe to an
equivalent cGMP signal.

ECFP‐PDE5‐EYFP

These results suggest that three probe constructs
display a higher efficiency than the previously reported
probe EYFP‐PDE5‐ECFP. ECFP‐PDE5‐EYFP shows a
significantly higher probe response. In addition, two
circular permutated probes cp50 and cp158 also show
a higher efficiency. Of these two cp‐probes, cp158 is
most efficient.

Reversibility Assay For a reliable indication of
fluctuating intracellular cGMP levels, the probe
construct must be reversibly responsive.
Cell
stimulation with NOC7 induces a transient cGMP signal.
A reversible probe should show recovery of the FRET
ratio over time then a subsequent ratio decline after
repeated stimulation.

Functionality Assay Application of PDE5 inhibitor after
stimulation with SNP and analysis of the resultant FRET
ratio changes can illustrate the probe is cGMP
responsive.
Inhibition of PDE5 prevents cGMP
breakdown and signal regulation leading to an increase
in intracellular levels which should result in a larger
FRET ratio change under the same stimulation
conditions. This behaviour was demonstrated for both
cp158 and ECFP‐PDE5‐EYFP.

ECFP‐PDE5‐EYFP

ECFP‐PDE5‐EYFP
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The development of viable probes would also allow for
application to living cells under a range of conditions
to study cGMP phenomena. The necessity for a
reliable cGMP probe emphasises how little is
understood about normal intracellular cGMP
conditions and responses. Application of these probes
could be used to elucidate principles of spatial and
temporal cGMP signalling. After elucidation of normal
patterns, the probes could potentially be used to
visualise deviations from normal behaviour in drug
candidate screening and characterisation.

Conclusions and Future Directions
This study has resulted in the development and
characterisation of three FRET‐based probes for the
intracellular secondary messenger cyclic Guanosine
Mono‐Phosphate, cGMP. ECFP‐PDE5‐EYFP, cp158 and
cp50 all show improved FRET ratio change efficiency
relative to the previously described probe EYFP‐PDE5‐
ECFP2. Further characterisation of ECFP‐PDE5‐EYFP
and cp150 shows responsiveness to cGMP and cGMP
specificity, as well as reversibility of the response. All
of these aspects are essential for a useful intracellular
indicator strategy.
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Ab initio Calculation of the Potential Energy Curve of H2
Introduction
The hydrogen molecule (H2) is the simplest polyelectronic molecular system, involving only 2
nuclei and 2 electrons. This makes it the best place to start learning about how theoretical molecular
energy calculations can be performed. For more complex systems, molecular energy calculations
require a large number of electron wavefunctions and significant amounts of computing power to
create a good approximation to the true molecular wavefunction. However, performing qualitatively
good calculations on H2 is possible on an ordinary laptop, although the mathematical calculations
are still fairly involved. As such, my project over the course of the UTRIP program was to derive
the potential energy curve of H2 from first principles.
Basis Set
The spatial atomic orbitals of a hydrogen atom are known exactly, and they have the form
φ(r)=exp[-a|r-R|], where r is the position vector of the electron and R the position of the hydrogen
nucleus. However, functions of this type (Slater orbitals) are mathematically difficult to manipulate,
so it is common to use functions of Gaussian form, φ(r)=exp[-a(r-R)2]. As a result, one Gaussian
type orbital on each hydrogen atom was taken as the basis set in this approximation. Although this
is a tiny basis set and a poor approximation to the real orbitals, it is not only good enough to give an
initial insight into how molecular energies can be calculated, but also to give a qualitatively
adequate potential energy curve.
Molecular Wavefunction
Due to the high mass ratio between electrons and nuclei, it is a good approximation to assume that
the nuclei are fixed relative to the electronic movement (Born-Oppenheimer approximation), so this
was done to calculate the energy at various internuclear distances. For the overall electronic
wavefunction, a Slater determinant of 1-electron orbitals was used in order to satisfy the Pauli
Principle that the wavefunction must be antisymmetric with respect to electron exchange. This gives
the electronic wavefunction as:
Ψ = 1 | ψ(1)α(1) ψ(1)β(1)|
sqrt(2)| ψ(2)α(2) ψ(2)β(2)|
The one electron spatial orbitals, ψ(i), are linear combinations of the spatial atomic orbitals given
above, so ψ = N{exp[-a(r-RA)2] + exp[-a(r-RB)2]} where N is the normalisation constant and RI is
the position of nucleus I. This linear combination is good near the equilibrium bond length.
However, in the dissociation limit it predicts that each electron will still spend equal time on each H
atom, when in reality each electron becomes localised onto one nucleus. This causes some problems
with energy calculations in the dissociation limit.
Molecular Integral Calculation
The main body of this task involved the calculation of molecular integrals. Although computer
programs are available to do these quickly for Gaussian type orbitals, it was decided that for a first
molecular energy calculation it would be instructive to perform the integrals by hand, to understand
how they are solved and also to gain an appreciation of the need for computer programs to solve
them more efficiently.
Molecular integrals arise because the energy of the system is given by <Ψ|Ĥ|Ψ>. When the
expression for Ψ in terms of atomic orbitals is substituted in, and the 7 terms of the Hamiltonian (4
electron-nuclear attractions, 2 electron kinetic energies and 1 electron-electron repulsion term) are
considered, this expands to give 448 separate energy integrals, even for this very simple system.
Fortunately, half of these are 0 due to spin orthogonality, and many of the other integrals are also
equal due to the symmetry of the wavefunction, meaning there are in fact many fewer integrals to
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calculate.
These energy integrals fall into 3 categories depending on which part of the Hamiltonian they arise
from. These categories are kinetic energy integrals (of the form <i|-d2/dr2|j>), electron-nucleus
attraction integrals (of the form <i|-1/(r-RK)|j>) and electron-electron repulsion integrals (of the
form <ij|1/(r1-r2)|kl>).
Calculating the Total Energy
The total electronic energy of the system is given by summing these molecular integrals (after
multiplying by the correct coefficients). However, to obtain the total energy, the internuclear
repulsion (which is 1/[RA-RB]) must also be added. Also, the true energy of 2 free H atoms has been
subtracted, in order to obtain the binding energy of the approximate wavefunctions. This means that
the energy should tend to 0 as the bond length increases.
To find the molecular energy at a large number of internuclear distances it made sense to create a
computer program to do many calculations quickly. This could also be used to optimise the
exponential coefficients in the wavefunction, to obtain the best possible energy – optimisation of the
atomic orbitals leads to a value of a=0.26au-2 in the Gaussian exponentials, and this is the value
used throughout this text. As H2 is a homonuclear diatomic, the symmetry of the system means it is
not necessary to perform any self-consistent field calculations, making the calculations of the
potential energy curve very rapid.
Results
As explained above, the electronic energy of the system can be split into 3 categories with definite
classical analogues. Below is a graph of each of these, as calculated by the Fortran computer code:
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Fig. 1. Electron-nucleus attraction energy in H2 as a function of internuclear distance (a=0.26au-2)

The attraction of the electrons for the nucleus is the most significant term for binding in the
molecule. In fact, it is the only negative term in this approximation, so is solely responsible for
bonding. From Fig. 1 it can be seen that as the nuclei get further apart the attraction energy becomes
less negative. This is because at large internuclear distances an electron will only ever be close to
one nucleus. However, when the nuclei are close together an electron can be close to both nuclei
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simultaneously, lowering the energy of the system at these distances.
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Fig. 2. Electron kinetic energy in H2 as a function of internuclear distance (a=0.26au-2)

Electron kinetic energy is closely related to the size of the orbital it is in, as kinetic energy is given
by the second spatial derivative which will generally decrease as the orbital size increases. As a
result, we expect the kinetic energy to increase with internuclear distance as the electrons become
localised onto one atom, rather than being spread over both. From Fig. 2 we can see that this is not
true in this case. This is because the wavefunction that has been used is incorrect in the dissociation
limit as it assumes that the electrons are always equally likely to be located on each hydrogen. This
results in the electron orbitals increasing in size as the bond length increases, rather than decreasing
as we would expect.
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Fig. 3. Electron-electron repulsion energy in H2 as a function of internuclear distance (a=0.26au-2)
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The electron-electron repulsion is related to the internuclear distance, as the increasing distance
between nuclei means the electrons will on average be further apart. In reality, however, the
electron-electron repulsion should tend to 0 at large internuclear distances as the electrons will be
localised on separate nuclei at a far distance. This doesn't occur with the simple wavefunction used
here, as there is a finite probability of the electrons being on the same hydrogen, even at infinite
bond length. This means that about half the electron-electron repulsion remains in this limit.
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Fig. 4. The potential energy curve of H2 as calculated using the simple model described in the main text (a=0.26au-2)

The calculated potential energy curve of H2 is in good qualitative agreement with the true curve –
there is a lot of repulsion at very short distances as the nuclear repulsion becomes large, there is a
bound region where the total energy is less than 0 (meaning H2 is a stable molecule) and the energy
tends to a constant value at large bond lengths. Also, there is even good quantitative agreement of
the calculated bond length with experimental data – the energy minimum occurs at a bond length of
1.388 au compared with the actual equilibrium bond length of 1.401 au.
The value of the energy is less good – the calculated value is only 45% of the true value. However,
this is to be expected given the simplicity of the basis set used to create this model.
Improvements
As the wavefunction that has been used is so simple there are obviously some significant
improvements that can be made.
Firstly, the atomic orbital basis set that has been used could be improved. There are two main ways
this could be done – firstly, the exact Slater orbitals, with optimised coefficients, could be used to
calculate a good approximation. However, it will be computationally much more difficult to use
Slater orbitals, so a better approach may be to use a linear combination of Gaussian functions as the
atomic orbitals, to more closely approximate the Slater-type orbital. In general, a combination of 3
Gaussian functions is a good approximation, although occasionally more are used.
Another improvement would be to solve the problems that arise in the dissociation limit. This could
be achieved by including a variable in the 1-electron wavefunctions to allow for the localisation of
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the electrons onto one hydrogen each at dissociation. For example, we set ψ = N{exp[-a(r-RA)2] +
ζexp[-a(r-RB)2]} where ζ is a function of bond length (tending to 0 or ∞ at large bond lengths)
Inclusion of other orbitals (2s, 2p, etc.) will slightly improve the energy we calculate, but the effect
of this will be minimal as there is such a large energy gap between the 1s and 2s orbitals of
hydrogen.
Conclusion
Although the energy calculated is significantly wrong, the techniques used to calculate it can be
applied to much more complicated systems, using more accurate wavefunctions to represent the
electrons. Also, even though the approximation to the wavefunctions was so simple, it was still
good enough to be in qualitative agreement with the experimental results, meaning there may be
situations where using a model this simple is appropriate in order to gain a basic insight into
complex problems.
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Ferromagnetic oxie semiconductor toward
transparent spintronics
Feng Ye
Prof. T. Hasegawa, Solid State Chemistry
Abstract
Co5%doped TiO2 is successfully fabricated on SrLaALO4(001) substrate by pulsed
laser deposition(PLD). Crystal structure and surface morphology have been studied
by x-ray diffraction(XRD) and atomic force microscopy(AFM) mearsurement.
Magneto-optical spectroscopy and physical property measurement system(PPMS) are
carried out which prove the material has both ferromagnetic and semiconductive
properties. Then carrier density and hall mobility of the film are calculated.

1.Introduction and literature review
Semiconductor spintronics is one of the promising “Beyond CMOS technology”, in
which both charge and spin degrees of freedom is uesd in electronic devices, leading
to innovation of next generation electronics.[1] Newly discovered room-temperature
ferromagnetic semiconductor cobalt-doped titanium dioxide (Co-doped TiO2) is
known as wide-bandgap diluted magnetic semiconductors(DMSs), it has a higher Tc
(above room temperature), which makes it an extremely attractive material.[2] This
compound was discovered in 2001, and fundamental properties have not been fully
understood.
DMSs are semiconductor doped with magnetic atom. The magnetic properties of
the material can be controlled by electronic or optical interaction such as field effect
or photo carrier injection. This can be understood by the theory that the carrier of
mother semiconductor mediated the interaction between local spins of magetic dopant
as shown in Fig.1.

Fig.1 carrier of mother semiconductor mediated the interaction between local spins of
magetic dopant in ferromagent semiconductor. [3]
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2. Experimental procedure
Thin films of Co5% doped TiO2 were deposited on (001) faces of LaAlO3 (LAO,
a=0.3788nm) and LaSrAlO4 (LSAO, a=0.3755nm and c=1.262nm) by pulsed laser
deposition(PLD). LAO substrate was pre-annealed at 1200oC for 3 hours followed by
furnace cooling, while LSAO substrate was pre-annealed at 1000oC for 3 hours
followed by furnace cooling. For film deposited on LAO, the fabrication conditions
are as follows: oxygen pressure is 10e-6 Torr, temperature is 250oC, laser frequency is
5Hz, and deposition time is 1 hour. For LSAO, TiO2 buffer layer was deposited first
by PLD, with 1Hz laser, 10e-3 Torr oxygen pressure, 550oC substrate temperature and
0.5 hour fabrication time. Then Co5% doped TiO2 was deposited by PLD with 5Hz
laser, 10e-6 Torr oxygen pressure, 500oC substrate temperature and 2 hours
fabrication time.
The surface morphology of the films were examined using an atomic force
microscopy(AFM). The crystal structure were analyzed by x-ray diffraction(XRD).
Magneto-optical spectroscopy measurement and physical property measurement
system(PPMS) were also carried out to measure the absorption, MCD and the
physical properties of the SLAO film.
3. Results and discussion
3.1 Surface morphology
As shown in Fig.2, the substate of LAO is relatively flat after 1200oC annealing for
3 hours. Steps can be obsearved. After deposition, the surface condition is acceptable,
with an average height difference of 0.303 nm shown in Fig.2. The depth of the film is
approximately 88nm.

B

A
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C

Fig.2 (A) surface morphology of LAO(001) substrate, (B) and (C) surface morphology
of Co5% doped TiO2 on LAO(001) substrate.

Comparing to LAO substrate, the surface condition of LSAO substrate is relatively
rough. From Fig.3, we can see the step shape is not very clear. The average height
difference is about 46nm and the depth of the film is about 145nm. Though the
surface morphology of the SLAO film is not as good as LAO, it has a wider band gap
of 5.0eV and suitable for magneto-optical study of the film. For LAO, the twin
structure of the substrate may give strong interference fringes in MCD spectra.[1]

A

B

Fig.3 (A) surface morphology of SLAO(001) substrate, (B) surface morphology of Co5%
doped TiO2 on LSAO(001) substrate.
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3.2 Crystal structure
The XRD results of the two films are shown in Fig.4.The LAO substrate peaks can
be clearly observed in Fig.4.(a), however, no clear TiO2 peaks can be seen. This
indicates that the Co-doped TiO2 were not well crystallized.
This may due to the fabricating temperature is too low (250oC) and/or the
frabricating time was not long enough (1 hour). Hence during the fabricating of the
second film, the temperature and time were increased. Buffer layer was also used to
give a better crystallization condition for Co-doped TiO2 grow on LSAO substate.
Co:TiO2 peaks can be clearly seen on Fig4.(b), which indicates the film is
successfully fabricated.

b

a

Fig.4 XRD spectra obtained at room temperature for (a) Co5% doped TiO2 film on LAO substrate;
(b) Co5% doped TiO2 film on LSAO substrate

3.3 Magneto-Optical Spectroscopy
Fig.5.(a) shows the absorption and MCD spectra for Co5% doped TiO2 film on
SLAO substrate at room temperature. The tansparency of the film is very good above
3.5eV. Fig.5(b) and (c) shows the magnetic field dependence of the MCD signal
measured at a photon energy of 2.18eV and 3.44eV. The figures clearly indicate
ferromagetic behaviors of the material.
Comparing to the previous work[1], the maximum value of the MCD signal of the
film is about 2 times higher than the previous one. This may due to the different
fabricating and testing conditions.

106

a

b

c

Fig.5 (a) Absorption and MCD spectra for Co5% doped TiO2 film on SLAO substrate at room
temperature. MCD spectra were measured with a magnetic field applied normal to the film
plane, (b) and (c) Magnetic field dependence of the MCD signal for Co5%doped TiO2 film on
SLAO substrate measured at hv=2.18eV and 3.44eV

3.4 Physical property
The temperature dependence of the resistance of Co5% doped TiO2 on LSAO
substrate is shown in Fig.6. The resistance of the film increased as the decreasing of
the temperature, which indicates the material is semiconductor. The dramatically drop
of the resistance at 220K probably due to machine error.

Fig.6 temperature dependence of the resistance of Co5% doped TiO2 on LSAO substrate
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H dependence of transverse Hall resistivity ρxy at 300K is shown in Fig.7. ρxy
represents the sum of ordinary and anomalous parts of Hall resistance[1]. From this
figure, the carrier density(n) and hall mobility(μ) can be calculated. The carrier
density of the film is n= 4.05*10E19(cm-3), the hall mobilityμ= 6.77(cm2/v*s).

Fig.7 H dependence of transverse Hall resistivity ρxy at 300K

4.Conclusion
1. XRD result indicates Co5% doped TiO2 film on LAO substrate was not
successfully made. This may due to the low fabricating temperature and short
deposition time.
2. Co5% doped TiO2 film was well crystallized on LSAO substrate. The
magneto-optical and PPMS measurement clearly shows the film had both
ferromagnetic and semiconductive properties.
3. From the PPMS results, the carrier density and hall mobility of the film can be
calculated. The carrier density n= 4.05*10E19(cm-3), and the hall mobilityμ=
6.77(cm2/v*s).
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UTRIP Working Paper
Yang YU1
I have been in Tokyo for more than 25 days. Since I came here 10 days later than other
UTRIP participants, I had only 30 days to finish my project. Actually, when I first got to
the lab, there were many problems, the biggest of which is time. As for other participants,
they had already done 10 days’ work and their projects here were highly related to their
major at university. Therefore they did not have to spend too much time learning
background knowledge before getting started for the projects. For me, however, things
were a little different. Although I always have a great interest in Biology and had done
some research work on Bioinformatics at Peking university, my major, after all, is
statistics and I had little knowledge of System Biology. That is why I had to spend longer
time than others to learn background knowledge before I actually started my research.
This really worsened the already difficult situation caused by the limited time. Frankly
speaking, I had no confidence to complete the project at that time.
Anyway, after the first day of my orienting myself in Todai and Kuroda lab, my project
officially started on July 7th. The first few days in the lab was reading time. Professor
Kuroda lent me some books including Molecular Biology of the Cell by Alberts et al.
Honestly speaking, for a student who spent last three years learning only Mathematics
and Statistics, reading a Biology textbook was not an easy task. The first day was the
most difficult one, because I needed to look up a pile of Biology technicalities on the
Internet to support my reading. Sometimes, I had to look up plenty of other words first
so as to understand the definition of the technicality that I originally wanted to know.
Rather than saying “learn Biology”, it is better to use the word “discover” in my case, for
everything seemed brand new and fascinating to me. Anyway, after 4 days of reading, I
was finally clear about my research background.
The goal of my project is to statistically analyze a cell signaling pathway called “Akt-S6
pathway”, of which the signaling dynamics and regulations remained to be elucidated.
Before analysis, I need to do experiments to get data, which was quite a challenge to me.
I had never done biological experiments at university before I came here and this was a
new land for me again. The next 10 days was for experiments. I had two experiments to
learn but before that, I needed to learn some basic operations such as preparing and
cleaning a bench, using pipette, how to do cell culture and so on. I practiced these
operations on some PC12 cells sample, which was not just some training but also a
preparation for the following experiments. I was glad that I did a great job at this part
and mastered almost all the basic operations.
After that, the main part of my experiment learning began. Every day after the lecture
in the morning, my TA, Saito Kun, would give me a paper with all the procedures of that
day’s experiment written on it. What I did was first reading the whole procedure and then
watched Saito Kun demonstrating the whole process. After that, I did the whole
experiment myself. During my DIY, Saito Kun would check every procedure I finished in
1

Department of Probability and Statistics, School of Mathematical Science, Peking University, Beijing 100871,
China.
1/3

110

Intensity(AU) x 100000

Intensity (AU)

x 10000

case that I made some mistakes and ruined the whole experiment.
One of the two experiments I need to learn is western blotting, a traditional but quite
useful method of detecting protein signal. I treated the PC12 sample with two different
growth factors, epidermal and nerve growth factor (EGF & NGF) for different time
length: 0, 2, 5, 10, 15 and 30 minutes, labeled the protein (phosphorylated Akt and S6)
and detected the intensity of protein signal. The only disadvantage of WB, in my opinion,
is that it takes too much time. I spent more than a week to finish this experiment. Saito
Kun said many students in Kuroda lab made mistakes when they first learned to do this
experiment and the most common consequence of the mistake was inability to detect
signals. Fortunately, I did not make any big mistake and managed to detect protein signals.
Although the result turned out to be a little different from our expectation, yet the
pattern of the curves is acceptable. Saito Kun said that considering that it was my first
time doing this experiment, this result was quite favorable.
After western blotting, I began to learn Quantitative Immunostaining. It is another
method to get data and more time-saving but expensive than western blotting. It only
took me a couple of hours to finish the whole process and part of the experiment was
completed by a robot. I only need to prepare the cells and the robot would do the
stimulation for me. The stimulation lasts for different time length: 0, 3, 6, 9, … , 54 and
57 minutes. If this stimulation operation was done manually, it would take much time and
quite difficult to control the time accurately. Fortunately, Kuroda lab develops the way of
using robot to do the job, which makes this experiment much easier. After several hours,
I got my first result which,
Figure 1
12
beyond my expectation, was a
11
little
strange.
There
was
10
9
supposed to be a peak in the
8
time course curves of pAkt but
7
none in my curves (Figure 1). At
6
5
first we thought it was caused by
4
the interval of time. The
0
10
20
30
40
50
60
immunostaining machine would
Time (min)
EGF 30ng/ml
EGF 1ng/ml
NGF 30ng/ml
NGF 1ng/ml
stimulate the cells every 3
minutes and the WB results
(Figure 2) showed that there was a peak happening around 2 minutes after stimulation.
Therefore, there was the possibility that QI did not catch the peak. After a discussion
with Professor Kuroda and Saito Kun,
Figure 2
35
I decided to redo the experiment with a
30
2-minute stimulation interval.
25
The next day, before I started doing
20
QI again, Saito Kun showed me his
15
result of QI. It was part of another
10
project but also involved pAkt and pS6
5
0
activation detection. There was clearly a
0
10
20
30
40
50
60
70
peak in his figures. The only difference
Time(min)
between his QI and mine was that he
EGF
NGF
2/3

111

Gain

Intensity(AU)

x 10000

detected the protein signals immediately after the stimulation was over and I, however,
did the detection 10 hours after the stimulation. Considering this, I still decided to redo
the experiment but used a 3-minute stimulation interval instead of 2 and detected the
signal immediately after the stimulation. This time, the result was quite satisfactory. I got
a clear peak! (Figure 2) These data were very important because the later analysis would
be based on them and if the data were wrong, the whole analysis would be meaningless.
It was already July 26th when I
Figure 3
7
finished all the experiments and
got the data. The data analysis
6
was supposed to have two parts.
5
One is frequency response
4
analysis based on ARX Model
3
and the other is mutual
2
information analysis. Since we
0
10
20
30
40
50
60
only treated the cells with two
Time(min)
EGF 30ng/ml
EGF 1ng/ml
NGF 1ng/ml
NGF 30ng/ml
doses of growth factor: 30ng/ml
and 1ng/ml, the calculation of mutual information may not be convincing enough.
Therefore, we decided to do frequency response analysis first. Compared with
experiments, ARX Model is relatively easy. Using Matlab, I got the result of frequency
response analysis (Figure 4). From the figure, we can see that Akt-S6 pathway serves as
low-pass filter and the cutoff frequency is 0.058 rad/min. Previous result obtained by
other researchers using a different method was 1/33.3 rad/min, which is quite similar
with mine. Note that there is an ascending part of the curve when frequency is high.
This is caused by an exceptional data point from the experiment, and after we remove
the exceptional data point and redid the simulation, this ascending part disappeared.
Although
the
mutual
Figure 4
information analysis might not be
10
reliable with only two doses, we
still did the calculation for
1
learning purpose. Just as we
0.01
0.1
1
expected, no meaningful result
0.1
was obtained. But it is OK. As
Uda Kun, another TA of mine,
mentioned, if I had 10 more days
0.01
Frequency (rad/min)
like others, I could do the
experiments with more doses and get a convincing MI result.
Now the internship is almost over. To make a summary, I did learn a lot in Kuroda lab,
such as cell signaling, basic experiment operations, western blotting, quantitative
immunostain, frequency response analysis, mutual information, and even how to make
good presentation slides. These things are really valuable to me. Like I wrote in my
research plan for my application for the internship, I hoped I could learn things which
would help my research in the future. And now I can write in this working paper, as a
reply, that I have learned far more than I expected.

3/3
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A THEORETICAL APPROACH TO THE EVOLUTION OF SEXUAL DIMORPHISM BY SEXUAL
SELECTION
BY SIFAT S. YUSUF

On January 1982, the scientific journal Evolution published a paper entitled ‘Sexual Selection and the
Evolution of Female Choice’ by Mark Kirkpatrick. His paper tried to explain why in nature, there were
times when females would show a preference for males who possessed traits that were
disadvantageous for survival, and why such traits would evolve. By way of a two-locus haploid
model that utilizes the evolution of a preference and trait in a polygynous population, Kirkpatrick
began his explanation.
KIRKPATRICK’S MODEL
In this 2-locus model, one locus codes for the mating preference, while the other codes for the male
secondary sexual trait. Kirkpatrick predicted that when this system reached equilibrium, he would
observe that the frequency of male traits would be governed by the frequency of female preference.
He also stated that, the ‘frequency of the mating preference itself is not selected upwards or
downwards’ (Kirkpatrick, 1982).
The two genetic loci considered for this system are the following:
-

P which determines female mating preference
T which determines male trait expressed

P is only expressed in females, and T is only expressed in males. Furthermore, the P and T loci each
have 2 alleles:
-

T1: male without secondary sexual characteristics
T2: male with secondary sexual characteristics (this trait reduces viability by 1-s, where s>0)
P1: females that mate indiscriminately
P2: females that mate preferentially with T2 males.

A generation is allowed to proceed. The frequencies of genotypes are identical in the 2 sexes at birth
since the loci are autosomal. The following table gives the frequencies for the different mating types
(A is defined as mating preference strength):
FEMALES
T1P1
T1P2
T2P1
T2P2
TOTAL

T1P1
X1 X1 *
(X2X1*)/Z
X3 X1 *
(X4X1*)/Z
X1* (P1+

MALES
T2P1
X1 X3 *
(AX2X3*)/Z
X3 X3 *
(AX4X3*)/Z

T1P2
X1 X2 *
(X2X2*)/Z
X3 X2 *
(X4X2*)/Z
)

X2*(P1+

)

X3*(P1+

∗

)

T2P2
X1 X4 *
(AX2X4*)/Z
X3 X4 *
(AX4X4*)/Z
X4*(P1+

∗

TOTAL
X1
X2
X3
X4
)

[Table 1: The frequencies of haploid genotypes are denoted as the following: x1=T1P1, x2=T1P2,
x3=T2P1, and x4= T2P2. The xi* denotes frequency of T1P1 among males after viability selection. Also:
i) z=x1*+ x2*+ Ax3*+ Ax4*
ii) T2=x3+x4
iii) P2= x2+x4 ]
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Allowing for recombination between the 2 loci, the next genotype generation is formed. This allows
a set of recursion equations in the four genotype frequencies, which can be translated into recursion
equations in the allelic frequencies T2, and P2, and linkage disequilibrium D (a measure of nonrandom association between alleles at T and P loci, defined as D=x1x4-x2x3). The frequency of T2
changes as a result of natural and sexual selection. However, the frequency of P2 changes due to
non-random association of T2 and P2 genes. Thus, there is no direct selection on P2.
Further progression revealed that when male trait is in equilibrium (ΔT2=0), mating preference
(ΔP2=0) is also at equilibrium. The figure below shows an equilibrium curve. Based on the fact that
each point on the curve indicates equilibrium, displacement of the population from one point on the
curve to another point will cause it to remain at that new position.
0.7
0.6
0.5
P2

In this section above the bold
line, we have ΔP2>0 and ΔT2>0.
This is the region that will be
referred to as the region of
positivity.

0.4
0.3
0.2
0.1
0

This section, below the bold line
is where ΔP2<0 and ΔT2<0.

0

0.2

0.4

0.6

0.8

1

1.2

T2

Figure 1.

‘Once a population is on this curve, no forces arising from assumption of this model will cause the
mating preference to increase or decrease in frequency’ (Kirkpatrick, 1982). Only other weak factors
would determine the fate of the preference allele. Thus, the possibility of other factors (like genetic
drift) determining the fate of the preference allele is likely.
The possibility of no single point of equilibrium is explained by separating the effects of natural
selection and the mating success. Equilibrium indicates that T2 males (trait bearing allele) may suffer
from viability deficit, but this is offset by their mating advantage (female preference). Thus, both
male types end up having identical fitness. Mating advantage is determined by both frequency and
strength of preference allele.
In summary, Kirkpatrick's 2-locus model follows a polygynous population that has a male trait
causing reduction of viability and a female mating preference for that trait. Due to this mating
preference, the less viable male trait may increase in frequency and then be maintained in the
population. Should a mutation give rise to such a less viable male trait, and if this trait should reach
a high frequency in the population, then male life expectance would deteriorate drastically. In
addition, although the female mating preference is neither selected for nor against, females
exhibiting the preference may spread due to the non-random association with the preferred male
trait.
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EXPANSION OF THE MODEL
In the case of this project, we expand on Kirkpatrick’s model by adding a modifier of sexual
dimorphism. We now have the following:
MALE

FEMALE

ALLELE FORMATION
T2M1
T2M2
T2M1
T2M2
VIABILITY
1-S1
1-S2
1-σ1
1-σ2
(Table 2.) *Note: For males it’s relative to T1 males, and for females it’s relative to T1 females.
We also reiterate that P1 females mate randomly, but P2 females prefer T2M1 males α1 times, and
T2M2 males α2 times, over T1 males.
The first step in this project was to write a program that would give us the frequency of the alleles
after allowing a generation to mate. In contrast to Kirkpatrick’s model, which has 4 genotypes, in the
current model there are 8 genotypes (since there are 2 alleles at each of 3 loci). Hence, the model
we get is 7 dimensional, but we want to picture the dynamics of the model with a 3D cube.
P2
If data should converge on this
side, then this face indicates
low dimorphism.

Figure 2.

1

1

0

1

M2

If data should converge on this face
it indicates high dimorphism.

1

T2

As depicted by the arrows pointing to the sides, based on the data we expect to find, we hypothesize
that convergence of the trajectories within this cube can be obtained by iterating the model
recursions. It should be noted that convergence will only occur on a surface area that is positive,
meaning, where the conditions that ΔT2>0 and ΔP2>0 are meet on each of the surface (we shall refer
to this as region of positivity).
In order to calculate the region of positivity we used the Newton-Raphson method for nonlinear
systems of equations. For this study, we use two dimensions, where we want to solve
simultaneously: f(x,y)=0 and g(x,y)=0. In the case of this model, the equations will be f(P2,D)=0, and
g(P2,D)=0. P2 is defined by the following equation:

We define f(P2,D) to be:
,

=

+

1−

=

−

1−

+ −2
1−
+

1 + [ (1 − ) − 1]
( − 1)(1 − )

+ −2
1−

1 + [ (− ) − 1]
( − 1)(1 − )

In this report, I haven’t included ( ,D) because it’s very complicated.
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In order to show the relationship between T2 and P2,, I include 2 examples. In the first example, we
begin by specifying the following parameters to the computer program to obtain the following data
in regards to area:
-

S1= 0.2
S2=0.4

- σ1= 0.2
- σ2= 0.1

- A1= 2
- A2= 3

(these all correspond to M2=0)
(these all correspond to M2=1; fixation)

The data is then show to converge at the points
T2= 0.197074
P2= 0.478829
M2= 0.99999 (almost at 1, thus approaching fixation)

P2

-

0.8
0.7
0.6
0.5
0.4
0.3
0.2
0.1
0
0

0.2

0.4

0.6

0.8

1

1.2

T2

Figure 3.

The graph above indicates how these points would look when they are translated into X and Y
coordinates. The arrow indicates the points of convergence as they appear on the graph.
The second example, we change the parameters to the following values:
-

S1= 0.2
S2=0.4

- σ1= 0.2
- σ2= 0.1

- A1= 2
- A2= 5

(these all correspond to M2=0)
(these all correspond to M2=1; fixation)

The data converges at these points:
-

T2= 1.000000
P2= 0.622345

-M2=1.000000

The graph below once again indicates the trajectory of the data points, and the arrow once again
shows where the points converge.
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P2

0.7
0.6
0.5
0.4
0.3
0.2
0.1
0
0

0.2

0.4

0.6

0.8

1

1.2

T2
Figure 4.

After writing out the program with the necessary equations, and parameter values, we carry out 10
examples of different parameter values. For this project, we also consider the initial conditions to be
the even distribution of the different genotype frequencies. It is important we realize the stage in
the model in which we can make generalizations has not been reached at the time of writing this
report. The following table gives a summarized form of the values obtained, including what the
results indicate:
No.

1
2
3
4
5
6
7
8
9
10

S1
0.2
0.1
0.1
0.3
0.4
0.1
0.2
0.5
0.4
0.3

PARAMETER VALUES

S2
0.3
0.5
0.2
0.5
0.5
0.3
0.4
0.7
0.5
0.6

σ1
0.05
0.07
0.05
0.05
0.03
0.02
0.04
0.05
0.03
0.02

σ2
0.1
0.08
0.07
0.07
0.08
0.05
0.07
0.09
0.06
0.05

A1
3
2.5
2.5
2.3
2.0
1.5
2.3
1.3
2.2
1.7

A2
5
2.8
3
2.8
3.0
2.0
2.8
1.8
2.5
2.2

CONVERGENCE

SURFACE
M2
M1
M2
M1
Neither (Polymorphism)
M1
M1
Neither (Polymorphism)
Neither (Polymorphism)
Neither (Polymorphism)

AT LARGER SURFACE?
Yes
Yes
No
Yes
Yes
Yes
-

(Table 3.)

After studying the convergence values obtained by the program, we can observe that:
- When T2 goes to 0, then the frequencies of M1 and M2 doesn’t change. A polymorphism is
seen when T2 approaches or is equal to 0.
- If the frequency of T2 remains positive (either fixed or polymorphic at equilibrium) then
either M1 or M2 is fixed.
- In most cases, convergence occurs at the region of positivity.
CONCLUSION
It’s important to remember, that for this project, we only considered an even distribution of the
different haploid genotypes. This affects our equilibrium, since it depends on initial conditions.
Further research is required should the initial conditions change, thus resulting in different
equilibrium points obtained.
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Neurobiological analysis of Gonadotropin-releasing (GnRH)
systems in the brain of the bichir, Polypterus senegalus
Linda Li
Introduction and Background
Gonadotropin-releasing hormone (GnRH) is a peptide that plays a central role in the regulation of
reproduction in vertebrates. Three paralogous genes for GnRH (GnRH1, GnRH2, and GnRH3) are
commonly found in vertebrates. GnRH1, also called hypophysiotrpic GnRH, plays a major role in
regulating and stimulating release of luteinizing hormone (LH) and follicle stimulating hormone (FSH),
from the anterior pituitary. GnRH2 and GnRH3 neurons seem to have neuromodulatory roles within
teleost brain as they do not have axons projecting to the pituitary and have been shown to regulate
motivation for reproductive behaviors (Yamamoto, 2003). In teleosts such as medaka and dwarf gourami,
GnRH2 neurons are found mainly in the midbrain tegmentum and GnRH3 neurons are found in the
terminal nerve area. In contrast, GnRH1 is usually found in the preoptic area and hypothalamus. Neither
GnRH2 nor GnRH3 neurons project to the pituitary in these two teleosts.
Okubo and Nagahama (2008) compared the fourteen known molecular forms of GnRH peptide in
vertebrates and concluded that GnRH2 has the most conserved molecular form among different species
and GnRH1 has the most diverse molecular form. While many teleost species contain all three forms of
GnRH, tetrapods lack the GnRH3 gene. Thus, it has been hypothesized that ancestral vertebrates
contained all three form of GnRH but GnRH3 was lost in the evolution of tetrapods. Also, GnRH1 seems
to compensate for the lack of GnRH3 (K Okubo and Y Nagahama, 2008) in many tetrapod species.
We are specifically interested in examining the type and localization of GnRH systems in the
Polypterus senegalus because of the unique characteristics of this bony-fish. Polypteridae first appeared
96 million years ago during the Cretaceous period and retains characteristics of ancestral fish. The
Polypterus has a spiracle, a structure that is found in primitive jawless fish and cartilaginous fishes.
Although the Polypterus is usually classified under the sub-class of Actinoptergyi (ray-finned fish), it has
characteristics such as fleshy pectoral fins, which are usually typical for Crossoptergyi (Lobe-finned
fishes). While the telencephalon of the Polypterus undergoes eversion and has many features similar to
the telencephalon of tetrapods, the lateral and medial pallium of the Polypterus is homologous to the
lateral and medial pallium of anuran amphibians (Holmes and Northcutt, 2002). By examining the
localization of GnRH systems in the brain of the Polypterus and making comparisons with the
organization of GnRH systems in teleosts and other vertebrates, we hope to gain insight into the
phylogenetic position of the Polypterus and into the evolution of GnRH systems.
Methods
Cryostat sectioning of agarose mounted tissue
Polypterus senegalus were maintained in aquaria (27°C; 14 h light, 10h dark). Following anesthesia with
MS-222, the brains were dissected. Brains were fixed overnight in PBS containing 4% paraformaldehyde

118

for fixation. Afterwards, brains were immersed overnight in PBS containing 30% sucrose for
cryoprotection. An agarose based compound (PBS containing 5% low melting temperature Sigma Type
IX agarose and 20% sucrose) was heated and then cooled to ~50°C. Brain tissue was embedded in the
agarose compound, which was allowed to polymerize. The agarose embedded brain was frozen by
dipping in -60°C n-hexane and then mounted on a specimen disc with OCT compound (Sakura finetek).
30 m coronal brain tissue sections were generated using a cryostat (Object Temperature=-24°C, Chamber
Temperature=-30°C).
Immunohistochemistry
Cryostat sections were washed in PBST before applying primary antibody. Three primary anti-sera were
used to detect different homologues of GnRH-ir: rabbit anti-seabreamGnRH (1/5,000), rabbit antichickenGnRH-II (aCII6: 1/5,000), and rabbit anti-salmonGnRH (1/10,000). Sections were incubated in a
PBST solution containing one of the three primary antibodies and 5% normal goat serum, overnight at
room temperature in a moisture chamber. Sections were then incubated in 0.3% hydrogen peroxide in
PBST to diminish endogenous tissue peroxidase activity. Sections were washed in PBST before
application of secondary antibody (biotinyl anti-rabbit IgG x200) for a 2hr incubation period. After
incubation in secondary antibody, slides were washed with PBST. The Vectastain ABC Kit (Vector Labs)
was used for ABC immunoperoxidase. After washing with PBST, sections were dipped briefly in a DAB
solution (0.15% diaminobenzidine, 10mM pH 7.5 tris-HCl, 0.003% hydrogen peroxide) until fibers and
cell bodies were visible under the microscope. Sections were counterstained with Cresyl Violet (Nissl
stain), dehydrated in a graded series of EtOH, cleared in Xylen, and coverslipped using Entellan rapid
mounting medium.
Results
Although the three GnRH antisera used have been proved to be specific for different type of
GnRH in several species of teleosts (Oka, 1997; Yamamoto, 2003), all three antisera were
immunoreactive in slightly different but similar areas of brain tissue (Fig 1). Distinct clusters of GnRH-ir
cells were observed in the ventral-most area of the primary olfactory nerve layer of the caudal olfactory
bulb (Fig 2) and extended into the rostro-ventral area of the telencephalon, near the terminal nerve.
However, these clusters of GnRH-ir cells did not extend into the ventral nucleus of the area ventralis (Vv)
in the telencephalon. The olfactory epithelium and olfactory nerve was dissected and sectioned for only
salmon GnRH immunohistochemistry (ICH) for technical reasons. High immunoreactivity to
salmonGnRH antisera was found in the olfactory nerve, suggesting the presence of GnRH-ir cell clusters
(30-40um in diameter). While some cell fibers seemed to extend into the pituitary area, no GnRH-ir cells
were found in the preoptic or ventral hypothalamic area, where hypophysiotropic GnRH neurons are
generally distributed in many vertebrate species including teleosts, for all three types of antisera. The
pituitary was not examined in the present immunohistochemical experiments. The midbrain GnRH
system was also observed for all three antisera. Approximately 77-94 GnRH-ir cell bodies (10-20um in
diameter) were observed in the periventricular nucleus of the posterior tuberculum and the pars ventralis.
Low densities of cell bodies were also observed in the rostro-dorsal mesencephalic tegmentum. Unlike
the clusters found in the more rostral olfactory bulb GnRH system, cell bodies in the midbrain GnRH
system were more dispersed (fig 3). Overall, a wide projection of GnRH-ir fibers was present in the
telencephalon, preoptic area, hypothalamus, torus semicircularis, and ventrolateral medulla.
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Figure 1: Comparison of the distribution of cell bodies for three types of GnRH antiserum. The number of cell bodies for every
fifth section (150um) was counted to get an approximate distribution count. Columns correspond with the number of cell bodies
found on every fifth section. The olfactory bulb GnRH-ir neurons seems to have a larger rostrocaudal span but also lower
numbers of cell bodies per slice when compared with the caudal population. This is because the clusters in the rostral population
were counted as one cell body due to difficultly of distinguishing the number of cell bodies included. The green line indicates a
range of sbGnRH antisera sections that were lost due to technical error.

a.

b.

Figure 2: Cluster (30-40 m in diameter) of GnRH-ir cells were observed in the ventral-most area of the ventral-most area of the
primary olfactory nerve layer of the caudal olfactory bulb (a; for higher magnification, b). Above is a 30 m section reacted for
GnRH I antiserum (rabbit anti-seabreamGnRH (1/5,000)). Similar immunoreactivity was obtained for GnRH II and III antisera
(rabbit anti-chickenGnRH-II (aCII6: 1/5,000), and rabbit anti-salmon GnRH) (data not shown).
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a.

b.

Figure 3: Dispersed GnRH-ir cell bodies (10-20 m in diameter) in the periventricular nucleus of the posterior tuberculum. Above
is a 30 m section reacted for GnRH III antiserum (rabbit anti-salmonGnRH (1/10,000)). Similar immunoreactivity was obtained for
GnRH I and II antisera (data not shown).

Discussion
While two distinct populations of GnRH-ir neurons were identified, it is suggested that the
antisera used in the present experiment, all of which have been proved to be specific for one of the three
teleost GnRH system, show various degrees of immunological cross-reactivities. This made it difficult to
identify the homolog of GnRH present in each population. While the olfactory bulb population of cell
clusters may correspond to a GnRH3 population, which is usually found in terminal nerve ganglion, and
the midbrain population of individual cell bodies may correspond to a GnRH II population, which is
usually found in the midbrain tegmental area, more experimental evidence is needed to confirm this
assumption. Because of the lack of GnRH cell bodies in the preoptic and hypothalamic areas, it is
possible that the Polypterus lacks a GnRH1 system. Neither salmonGnRH antiserum nor chickenII
antiserum showed immunoreactivity in the preoptic and hypothalamic areas. Although sections treated
with seabreamGnRH antiserum for the preoptic and hypothalamic areas were lost due to technical error, it
is also unlikely for cell bodies to be found in that region. A previous study (Wright and Demski, 1996)
using non-specific antiserums designed to recognize multiple GnRH-ir components, including
mammalian-like forms of GnRH, also showed the lack of a GnRH system in the pre-optic and
hypothalamic areas. In this case, it was suggested that GnRH3 neurons in the rostroventral telencephalon
may compensate for GnRH1 function. Another possibility is that GnRH1 neurons are present but
localized in another area, such as the ventral telencephalon along with GnRH3 neurons. GnRH-ir cell
fibers extending into the pituitary area suggest that one of the populations of GnRH identified in this
study, most possibly the rostral population, projects to the pituitary. It has been suggested that GnRH1
and GnRH3 neurons originate from the olfactory placode, and the both migrate caudally towards their
destinations in the terminal nerve or the preoptic area. Therefore, it may be possible to propose a
hypothesis that the GnRH neurons of the bichir may migrate towards the ventral telencephalon but not
caudal enough to reach the preoptic area.
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Further ICH should be performed with the pituitary included to identify the axonal projections of
hypophysiotropic GnRH neurons more definitely. In addition, retrograde tracing of axons projecting to
the pituitary should help in identifying the GnRH-ir neuron population that takes on the neuroendocrine
role in Polypterus. In-situ hybridization should also help in finding expression and localization of the
specific types of GnRH transcript in the brain. However, because the sequence of Polypterus GnRH is
unknown, degenerate primers must be designed to create Polypterus GnRH specific probes. Two
approaches for designing a degenerate probe are ongoing. In the first approach, conserved sequences of
amino acid recognition sites for anti-salmonGnRH, anti-chickenIIGnRH, and anti-seabreamGnRH are
complied. In a second approach, conserved nucleotides for 37 known GnRH 1, 2, and 3 transcripts from
fish and amphibian species are compiled.
Although the three GnRH antisera did not bind specifically to different homologues of Polypterus
GnRH, we were able to distinguish a distinct lack of a preoptic hypothalamic GnRH system. Ongoing insitu hybridization and retrograde tracing would help reveal if there is a lack of GnRH1 or localization of
GnRH1 in another area, possibly somewhere in the rostro-ventral telencephalon, of the Polypterus brain.
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